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1 Who needs statistical mechanics?

The topic of these lecture notes is computer simulation. Computer simulation
allows us to study properties of many-particle systems. However, not all properties
can be directly measured in a simulation. Conversely, most of the quantities
that can be measured in a simulation, do not correspond to properties that are
measured in real experiments. To give a specific example: in a molecular dynamics
simulation of liquid water, we could ‘measure’ the instantaneous positions and
velocities of all molecules in the liquid. However, this kind of information cannot
be compared to experimental data, because no real experiments provides us with
such detailed information. Rather, a typical experiment measures an averaged
property. Averaged over a large number of particles and, usually, also averaged
over the time of the measurement. If we wish to use computer simulation as the
numerical counterpart of experiments, we must know what kind of averages we
should aim to compute. In order to explain this, we need to introduce the language
of statistical mechanics. In statistical mechanics, we encounter thermodynamic
concepts such as temperature and entropy and typical mechanical concepts, such
as phase space. Although I have no doubt that the reader has, at one time
or another, been introduced to all these concepts, I cannot resist sketching how
statistical mechanics is “constructed”. The aim of this derivation is to show that
there is nothing mysterious about concepts such as phase space, temperature and



entropy and many of the other statistical mechanical objects that will appear time
and again in the remainder of this book.

2 Entropy and temperature

Most computer simulations are based on the assumption that classical mechanics
can be used to describe the motions of atoms and molecules. This assumption
leads to a great simplification in almost all calculations and it is therefore most
fortunate that it is indeed justified in many cases of practical interest. It is
therefore somewhat surprising that, in order to ‘derive’the basic laws of statistical
mechanics, it easier to use the language of quantum mechanics. I will follow this
route of ‘least resistance’. In fact, for our derivation, we need only little quantum
mechanics. Specifically, we need the fact that a quantum mechanical system
can be found occur in different states. For the time being, I limit myself to
quantum states that are eigenvectors of the Hamiltonian H of the system (i.e.
energy eigenstates). For any such state |i >, we have that H|i > = E;|i >,
where F; is the energy of state |i >. Most examples discussed in quantum-
mechanics textbooks concern systems with only few degrees of freedom (e.g. the
one-dimensional harmonic oscillator or a particle in a box). For such systems,
the degeneracy of energy levels will be small. However, for the systems that
are of interest to statistical mechanics (i.e. systems with O(10?3) particles), the
degeneracy of energy levels is astronomically large. In what follows, I denote by
Q(E,V,N) the number of eigenstates with energy E of a system of N particles
in a volume V. I now express the basic assumption of statistical mechanics as
follows: A system with fired N, V and E is equally likely to be found in any of
its Q(F) eigenstates. Much of statistical mechanics follows from this simple (but
highly non-trivial) assumption.

To see this, let us first consider a system with total energy F that consists of
two weakly interaction sub-systems. In this context, ‘weakly interacting’ means
that the sub-systems can exchange energy but that we can write the total energy
of the system as the sum of the energies F; and Fs of the sub-systems. There are
many ways in which we can distribute the total energy over the two sub-systems,
such that F1+Fy = E. For a given choice of F, the total number of degenerate
states of the system is Q(E;) x Q(F>). Note that the total number of states is
not the sum but the product of the number of states in the individual systems.
In what follows, it is convenient to have a measure of the degeneracy of the sub-
systems that is additive. A logical choice is to take the (natural) logarithm of the
degeneracy. Hence:

an(El,E—EI) :lnﬂl(El)—l—ang(E—El) (1)

We assume that sub-systems 1 and 2 can exchange energy. What is the most
likely distribution of the energy? We know that every energy state of the total



system is equally likely. But the number of eigenstates that correspond to a given
distribution of the energy over the sub-systems, depends very strongly on the value
of E;. We wish to know the most likely value of E, i.e. the one that maximizes
InQ(E;, E — E;). The condition for this maximum is that

0E, NV.E
or, in other words,
<8anl(El)> _ (aanQ(E2)> (3)
aEl N1,V1 8E2 N2,V2 ‘

We introduce the shorthand notation

OFE

B(E,V,N) = <8an(E,V,N)>NV .

)

With this definition, we can write Eqn. 3 as
B(Ela‘/laNl) :ﬁ(E27‘/27N2)- (5)

Clearly, if initially we put all energy in system 1 (say), there will be energy
transfer from system 1 to system 2 until Eqn. 4 is satisfied. From that moment
on, there is no net energy flow from one sub-system to the other, and we say that
the two sub-systems are in thermal equilibrium. This implies that the condition
B(E1, Vi, N1) = [B(Fs, Vo, Ny) must be equivalent to the statement that the two
sub-systems have the same temperature. When thermal equilibrium is reached,
In Q2 of the total system is at a maximum. This suggests that In {2 is somehow
related to the thermodynamic entropy S of the system. After all, the second
law of thermodynamics states that the entropy of a system N,V and E is at its
maximum when the system is in thermal equilibrium. There are many ways in
which the relation between In 2 and entropy can be established. Here I take the
simplest route, i.e. we simple define the entropy to be equal to In€2. In fact, for
(unfortunate) historical reasons, entropy is not simply equal to In€2, rather we
have

S(N,V,E)=kglnQ(N,V,E) (6)

where kp is Boltzmann’s constant which, in S.I. units, has the value 1.380658
10-2. With this identification, we see that our assumption that all degenerate
eigenstates of a quantum system are equally likely immediately implies that, in
thermal equilibrium, the entropy of a system of a composite system is at a max-
imum. It would be a bit premature to refer to this statement as ‘the second law
of thermodynamics’, as I have not yet demonstrated that the present definition
of entropy is, indeed, equivalent to the thermodynamic definition. I simply take
an advance on this result.



The next thing to note is that thermal equilibrium between sub-systems 1 and
2 implies that 5; = (5. In every day life, we have another way to express the same
thing: we say that two bodies that are brought in thermal contact are in equilib-
rium if their temperatures are the same. This suggests that § must be related to
the absolute temperature. The thermodynamic definition of temperature is

oS
UT:(_> ™)
OF V,N
If we use the same definition here, we find that
B =1/(ksT) . (8)

2.1 System at constant temperature

Now that we have defined temperature, we can consider what happens if we have a
system (denoted by S) that is in thermal equilibrium with a large “heat-bath” (B).
The total system is closed, i.e. the total energy F=Fp+FEg is fixed (we assume
that the system and the bath are weakly coupled, so that we may ignore their
interaction energy). Now suppose that the system S is prepared in a specific state
1 with energy FE;. The bath then has an energy EFgp = E' — F; and the degeneracy
of the bath is given by Qz(FE — E;). Clearly, the degeneracy of the bath determines
the probability P(F;) to find system S in state i.

Qp(E — E;)
P(E;) = . 9
)= SuE- B 9
To compute Qp(E — E;), we expand In Qg (F — E;) around E;=0.

or, using Eqns. 6 and 7,
InQp(E — E;) =InQp(F) — E;/kgT + O(1/F) (11)
If we insert this result in Eqn. 9, we get
P(E) = exp(—E;/kgT)
> exp(—E;/kpT)
This is the well-known Boltzmann distribution for a system at temperature 7'.

Knowledge of the energy distribution allows us to compute the average energy
< E > of the system at the given temperature T’

_ Eiexp(—Ei/kpT)
~ Yiexp(—Ei/kpT)
Oln (X, exp(—E;/kpT))
a 91/kpT
JlnQ
C01/kgT’

(12)
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where, in the last line, I have defined the partition function (). If we compare
Eqn. 13 with the thermodynamic relation

_OFT
- oT”’

we see that the Helmholtz free energy F is related to the partition function Q:
F=—-kgThQ@ . (14)

Strictly speaking, F' is only fixed up to a constant. Or, what amounts to the
same thing, the reference point of the energy can be chosen arbitrarily. In what
follows, we can use Eqn. 14 without loss of generality. The relation between the
Helmbholtz free energy and the partition function is often more convenient to use
than the relation between In {2 and the entropy. As a consequence, Eqn. 14 is the
“workhorse” of equilibrium statistical mechanics.

2.2 Other ensembles

In the previous section, we considered a system that could exchange energy with
a large thermal bath. This allowed us to derive the relevant statistical mechanical
expressions that describe the behavior of a system of N particles in a volume V'
at a temperature T'. As in the case in the case of a system at constant N,V and
E. a system at constant NV'T can be found in any one of a very large number of
quantum states. Such a collection of states is usually referred to as an ensemble.
The probability to find the system in any one of these states depends on the
external conditions (constant NV E or constant NVT'). The choice of ensemble
depends on the “experimental” conditions that one aims to model: an isolated
system will be described with the NV E-ensemble (which, for historical reasons,
is often called the micro-canonical ensemble). A system at fixed volume and
temperature will be described by the NVT (or canonical) ensemble. But often
it is convenient to consider systems at constant pressure, or systems that can
exchange particles with a reservoir. For every condition, one can introduce the
appropriate ensemble. The procedure is very similar to the “derivation” of the
canonical ensemble described above. For instance, consider the situation that a
system of N particles can exchange energy and volume with a large reservoir. The
probability to find the system in a given state with energy E; and volume V; is,
as before, determined by the number of realizations Qp(E;o; — E;, Viey — V;) of the
“bath”. As before, we expand In{2p to first order in E;, and now also in V;. Using

95 _ 1

OF T
and

s _ P

ov T



we obtain
E;+ PV,

In QB(Etmt - Ei, Viet — V;) =In QB(Etota V;tot) - T
B

And the probability to find the system with volume V' is given by

_ Qnvr exp(—BPV)
fooo dVQNVT exp(—ﬁPV) '

Another ensemble of great practical importance is the constant pV'T or grand-
canonical ensemble. As before, we consider a system of volume V in contact
with a large reservoir. The system can exchange energy and particles with the
reservoir. The probability to find N particles in the system in a state with energy
E; is determined by the number of realizations of the bath Q(E;,; — E;, Nyot — N).
Using

P(V)

(15)

oS  —p

ON T
and following the same procedure as before, we find that the probability to find
N particles in the system in volume V' at temperature 7', is given by

e N
P(N) = OOQNVT xp(AuN)
> N=0 Qnvr exp(BuN)
It is obvious that we can use the same procedure to generate a large number of

different ensembles. However, the NV'I', NPT and pV'1T ensembles are by far the
most important.

(16)

3 Fluctuations

We started our discussion of statistical mechanical systems by considering a system
of N particles in a volume V with total energy E. We noted that such a system
can be found in a very large number (2(N,V, E)) eigenstates. Subsequently, we
considered a system of N particles in a volume V' that could exchange energy with
a large thermal “bath”. In that case, the probability to find the system in a state
with energy E was given by Eqn. 12

Q(N,V,E)exp(—E/kgT)
Y exp(—E;/kpT)

using Eqn. 6, we can express 2 in terms of the entropy S and we find

P(E) =

P(E) ~ exp(—E/kgT)exp(S(N,V, E)/kg)

The most likely energy of the system, E*, is the one for which

oS
— =1/T.
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Expanding S in a Taylor series in AE = F — E*, we get

InP(AE) =c+ i (%) (AE)’ + O((AE)?);. (17)

In the limit of large N, we can ignore terms of order AE? and we find

P(AE) = constant x exp | —— [ 22 (AE)? (18)
= constant x exp 2 \9E?

P25\ -1
0F2) ~ CyT?

P(AE) = (27rkBC’VT2)_% exp —

and, recalling that

we obtain

(AE)?
2kBCVT2 '
From Eqn. 19 we immediately see that the mean-square fluctuation in the energy
of a system a constant N, V,T is directly related to the heat capacity Cy :

(19)

< (AE)2 >= kBT2CV . (20)

Using Eqn. 19 we can relate any average in the NV E ensemble to the correspond-
ing average in the NV'T ensemble by Taylor expansion:

<A>yvr=<A>yvg+t|—= | <AE>+-|— | < (AE) > +O(< AFE >)
OF 2 \ OE?
(21)

A well-known application of this conversion is the expression derived by Lebowitz,
Percus and Verlet for the relation between kinetic energy fluctuations in the NV E
and NVT ensembles [6]:

< (AK)Q >NVE=

3Nk T? (1 - 3Nk3> (22)

2 2Cy

Of course, one can use a similar approach to relate averages in other ensembles.

3.1 Histograms and Landau Free energies

Let us look once more at the probability to find a system with volume V in an
NPT ensemble. According to Eqn. 15 this probability is given by

P(V)=¢cQ(N,V,T)exp(—BFRV)

where ¢ is a normalization constant. We use the notation P, to distinguish that
applied pressure (i.e. the pressure of the reservoir) from P(N,V,T'), the pressure of
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the system. Using the relation between the canonical partition function Q(N,V,T')
and the Helmholtz free energy F(N,V,T), we can rewrite Eqn. 15 as

P(V)=c exp[-B(F(N,V,T) + BV)] . (23)

From this equation we see that the probability to find the system in volume V is
determined by the behavior of F'4 P,V. But this is nothing other than the Gibbs
free energy G. The most likely volume is the one for which G is at its minimum.
This happens when

OF(N,V,T)
oV

i.e. when the thermodynamic pressure of the system is equal to the applied
pressure. In fact, if we could measure the histogram P(V'), we could directly
measure the variation of the Helmholtz free energy with volume. The higher the
free energy of a given volume fluctuation, the less likely we are to observe this
fluctuation. In principle, we could determine the complete equation of state of
the system from knowledge of P(V'). To see this, consider

dlnP(V)
oV

One amusing consequence of this expression is the relation between two-phase
coexistence and van der Waals loops in the equation of state [5]. Suppose that
a system at a given pressure P, undergoes a first-orde phase transition from a
state with volume V7 to a state with volume V5. At coexistence, the system is
equally likely to be found in either state, but it is unlikely to be in a state with
intermediate density. Hence, the histogram of volumes, P(V) will be double-
peaked. Eqn. 24 the immediately shows that the pressure as a function of volume
should exhibit an oscillation around F,.

The relation between probabilities of fluctuations and free energies is, in fact,
quite general. To see this, let us consider a system with N particles in volume
V' in contact with a reservoir at constant 7. Now let us assume that we are not
interested in the fluctuations of the energy of the system, but in fluctuations of
some other observable property, e.g. the total magnetic moment M. We wish to
know the probability that the system is found in a state with magnetic moment
M. To do so, we should sum the probabilities of all states 7 that satisfy the
constraint M;=M.

=B(P(N,V.T) - Ry) (24)

P(M) = > exp(—BE;)on, m

> exp(—pPE;)
where the Kronecker delta constrains the sum to those terms that have the re-
quired magnetic moment. We see that the restricted sum in the numerator has
the form of a partition function and we denote it by Q (N, V, T, M). We also define
an associated free energy

F(N,V,T,M)= —ksTIn(Q(N,V, T, M)) (25)
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We refer to F(N,V, T, M) as the Landau free energy associated with the variable
M. Clearly, there is a close connection between (Landau) free energies and con-
straints. We define a subset of all possible states of the system by the constraint
M;=M. The Landau free energy then determines the probability that the system
will spontaneously be found in a state that satisfies this constraint:

P(M) =c exp(—pBF(N,V,T,M))

In computer simulations, we can measure Landau free energies by sampling a
histogram of the spontaneous fluctuations of M. However, this approach in its
naive form is not very useful, as we can only hope to sample fluctuations with
an associated Landau free energy of at most a few kgT. If we wish to study

the Landau free energy over a wider range, non-standard sampling schemes are
needed (see e.g. [77, 7]).

4 Classical Statistical Mechanics

Thus far, we have formulated statistical mechanics in purely quantum-mechanical
terms. The entropy is related to the density of states of a system with energy FE,
volume V' and number of particles N. And similarly, the Helmholtz free energy
is related to the partition function @), a sum over all quantum states i of the
Boltzmann factor exp(—E;/kgT). To be specific, let us consider the average value
of some observable A. We know the probability that a system at temperature T’
will be found in an energy eigenstate with energy E; and we can therefore compute
the thermal average of A as

Siexp(—FE;/kgT) < i|Ali >
Ei exp(—El/kBT)

This equation suggests how we should go about computing thermal averages: first
we solve the Schriodinger equation for the (many-body) system of interest, and
next we compute the expectation value of the operator A for all those quantum
states that have a non-negligible statistical weight. Unfortunately, this approach
is doomed for all but the simplest systems. First of all, we cannot hope to solve
the Schrodinger equation for an arbitrary many-body. And secondly, even if we
could, the number of quantum states that contribute to the average in Eqn. 26
would be so astronomically large (O(10'%")) that a numerical evaluation of all
expectation values would be unfeasible. Fortunately, Eqn. 26 can be simplified to
a more workable expression in the classical limit (h — 0). To this end, we first
rewrite Eqn. 26 in a form that is independent of the specific basis set. We note
that exp(—F;/kgT) = < i|exp(—H/kpT)|i >, where H is the Hamiltonian of the
system. Using this relation, we can write

> < ilexp(—H/kgT)|i >

< A>=

(26)

< A>
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Trexp(—H/kgT)A
Trexp(—H/kgT)

(27)

where T'r denotes the trace of the operator. As the value of the trace of an
operator does not depend on the choice of the basis set, we can compute thermal
averages using any basis set we like. Preferably, we use simple basis sets, such as
the set of eigenfunctions of the position or the momentum operator. The reason
why use of these basis sets may be advantageous can be understood as follows.
We recall that the Hamiltonian H is the sum of a kinetic part K and a potential
part U. The kinetic-energy operator is a quadratic function of the momenta of
all particles. As a consequence, momentum eigenstates are also eigenfunctions of
the kinetic energy operator. Similarly, the potential energy operator is a function
of the particle coordinates. Matrix elements of U are therefore most conveniently
computed in a basis set of position eigenfunctions. However, H = K + U itself
is not diagonal in either basis set, nor is exp(—3(K + U)). However, if we could
replace exp(—FH) by exp(—FK)exp(—pU), then we could simplify equation 27
considerably. In general, we cannot make this replacement because

exp(—FK) exp(—=pU) = exp(=f (K + U) + O([K, U])))

where [K, U] is the commutator of the kinetic and potential energy operators while
O([K,U]) is meant to denote all terms containing commutators and higher-order
commutators of K and U. It is easy to verify that the commutator [K, U] is of
order . Hence, in the limit 4 — 0, we may ignore the terms of order O([K, U]).
In that case, we can write

Trexp(—fH) ~ Trexp(—pU) exp(—(K) (28)

If we use the notation |r > for eigenvectors of the position operator and |k > for
eigenvectors of the momentum operator, we can express Eqn. 28 as

Trexp(—BH) =Y <rle™ir ><rlk >< kle ?*|k >< k|r > (29)
r.k

All matrix elements can be evaluated directly:
< r|exp(—6U)|r >= exp(—6U(r"))

where U(r") on the right hand side is no longer an operator, but a function of
the coordinates of all N particles. Similarly,

< Hlexp(—BI [k >= exp(~0 32/ (2m,)

where p; = hk;. And finally,

<rlk><klr>=1/v"
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where V' is the volume of the system and N the number of particles. Finally,
we can replace the sum over states by an integration over all coordinates and
momenta. The final result is

1

Trexp(—0H) ~ TV

[ ¥ expl=B(Y pE/(2m) + UGN (30)

where d is the dimensionality of the system. The factor 1/N! is a direct result
of the indistinguishability of identical particles. In almost the same way, we can
derive the classical limit for Tr exp(—FH)A and finally, we can write the classical
expression for the thermal average of the observable A as

J dp™dr™ exp[—B (X, pi/(2ms) + U(r™))]A(p", q")
J dpNdr™ exp[—B(3Z; i /(2mi) + U(x™))]

Equations 30 and 31 are the starting point for virtually all classical simulations
of many-body systems.

< A>= (31)

4.1 Ergodicity

Thus far, we have discussed the average behavior of many-body systems in a
purely static sense: we only introduced the assumption that every quantum state
of a many-body system with energy E is equally likely to be occupied. Such
an average over all possible quantum states of a system, is called an “ensemble”
average. However, this is not the way we usually think about the average behavior
of a system. In most experiments we perform a series of measurements during a
certain time-interval and then determine the average of these measurements. In
fact, the idea behind Molecular Dynamics simulations is precisely that we can
study the average behavior of a many-particle system simply by computing the
natural time evolution of that system numerically and averaging the quantity of
interest over a sufficiently long time. To take a specific example, let us consider a
fluid consisting of atoms. Suppose that we wish to compute the average density
of the fluid at a distance r from a given atom i, p;(r). Clearly, the instantaneous
density depends on the coordinates q; of all particles j in the system. As time
progresses, the atomic coordinates will change (according to Newton’s equations
of motion), and hence the density around atom ¢ will change. Provided that we
have specified the initial coordinates and momenta of all atoms (q”(0), p™v(0))
we know, at least in principle, the time evolution of p;(r;q”(0),p"(0),t). In a
Molecular Dynamics simulation, we measure the time-averaged density m of a
system of NV atoms, in a volume V', at a constant total energy E:

1
pi(r) = lim — [ dt’ p;(r;t) . (32)

Note that, in writing down this equation, we have implicitly assumed that, for
T sufficiently long, the time-average does not depend on the initial conditions.
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This is, in fact, a subtle assumption that is not true in general (see, e.g. ref. [8]).
However, we shall disregard subtleties and simply assume that, once we have
specified N, V and E, time-averages do not depend on the initial coordinates
and momenta. If that is so, then we would not change our result for m if we
average over many different initial conditions, 7.e. we consider the hypothetical
situation where we run a large number of Molecular Dynamics simulations at the
same values for N, V' and F, but with different initial coordinates and momenta,

> (hm—/ at’ pi(r; @™ (0),p" (0), ’))
P . T—)oo
initial conditions

number of initial conditions '

pi(r) = (33)
We now consider the limiting case where we average over all initial conditions
compatible with the imposed values of N, V and E. In that case, we can replace
the sum over initial conditions by an integral

> f(a@¥(0), p¥(0)) e
initial conditions N Jpda”dp” f(a™(0),p"(0))
number of initial conditions Q(N,V,E) ’

(34)

where Q(N,V, E) = [5dq"dp" (we have ignored a constant factor'). The sub-
script F on the integrals indicates that the integration is restricted to a shell of
constant energy E. We denote an ensemble average by (- - ), to distinguish it from
a time-average, denoted by a bar. If we switch the order of the time-averaging
and the averaging over initial conditions, we find

() = lim ~ / dt' (pi(r: ™ (0), p™ (0), )Y Wi (35)

T—)oo T

However, the ensemble average in the above equation does not depend on the
time #'. This is so, because there is a one-to-one correspondence between the
initial phase-space coordinates of a system, and those that specify the state of the
system at a later time ¢’ (see e.g. [9, 8]). Hence, averaging over all initial phase-
space coordinates is equivalent to averaging over the time-evolved phase-space
coordinates. For this reason, we can leave out the time averaging in Eqn. 35, and
we find

pi(r) = {pi(r))nve - (36)
The above equation states that, if we wish to compute the average of a function of

the coordinates and momenta of a many-particle system, we can either compute
that quantity by time-averaging (the ‘MD’ approach), or by ensemble averaging

'TIf we consider a quantum-mechanical system, then Q(N,V,E) is simply the number of
quantum states of that system, for given N, V and E. In the classical limit, the number of
quantum states of a d-dimensional system of N distinguishable, structureless particles is given
by Q(N,V,E) = ([ dp™dq™)/h®™. For N indistinguishable particles, we should divide the latter
expression by a factor N

12



(the ‘MC’ approach). It should be stressed that the preceding paragraphs are
only meant to make Eqn. 36 plausible, not as a proof. In fact, that would have
been quite impossible because Eqn. 36 is not true in general. However, in what
follows, we shall simply assume that the ‘ergodic hypothesis’, as Eqn. 36 is usually
referred to, applies to the systems that we study in computer simulations. The
reader should, however, be aware that there are many examples of systems that
are not ergodic in practice (e.g. glasses, meta-stable phases) or even in principle,
e.g. nearly harmonic solids.

5 The Monte Carlo method

In oder to introduce the Monte Carlo method, we start from the classical expres-
sion for the partition function Q:

Q= c/dedrN exp[—H(eV, p™) /kpT] , (37)

where rV stands for the coordinates of all N particles, and p? for the corre-
sponding momenta. The function H(q", p") is the Hamiltonian of the system. It
expresses the total energy of an isolated system as a function of the coordinates
and momenta of the constituent particles: H = K + U, where K is the kinetic
energy of the system and U is the potential energy. Finally, ¢ is a constant of
proportionality, chosen such that the sum over quantum states in equation (14)
approaches the classical partition function in the limit 7 — 0. For instance, for a
system of N identical atoms, ¢ = 1/(h*V N!). The classical equation corresponding
to equation (26) is:

— f dedrN A(pN7 rN) exp[—ﬁ?—[(pN, rN)]

(4) JdpNdr® exp[—[H(pY, )] ’

(38)

where = 1/kgT. In the above equation, the observable A has been expressed
as a function of coordinates and momenta. As K is a quadratic function of the
momenta the integration over momenta can be carried out analytically. Hence,
averages of functions that depend on momenta only are usually easy to evaluate
(this is not the case when hard constraints are used). The difficult problem is the
computation of averages of functions A(r"). Only in a few exceptional cases can
the multi-dimensional integral over particle coordinates be computed analytically,
in all other cases numerical techniques must be used.

Having thus defined the nature of the numerical problem that we must solve,
let us next look at possible solutions. It might appear that the most straightfor-
ward approach would be to evaluate (A) in equation (38) by numerical quadrature,
for instance using Simpson’s rule. It is easy to see, however, that such a method
is completely useless even if the number of independent coordinates DN (D is the
dimensionality of the system) is still very small O(100). Suppose that we plan
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to carry out the quadrature by evaluating the integrand on a mesh of points in
the DN-dimensional configuration space. Let us assume that we take m equidis-
tant points along each coordinate axis. The total number of points at which the
integrand must be evaluated is then equal to mP"™. For all but the smallest sys-
tems this number becomes astronomically large, even for small values of m. For
instance, if we take 100 particles in three dimensions, and m = 5, then we would
have to evaluate the integrand at 10%'° points! Computations of such magnitude
cannot be performed in the known universe. And this is fortunate, because the
answer that would be obtained would have been subject to a large statistical er-
ror. After all, numerical quadratures work best on functions that are smooth over
distances corresponding to the mesh size. But for most intermolecular potentials,
the Boltzmann-factor in equation (38) is a rapidly varying function of the particle
coordinates. Hence an accurate quadrature requires a small mesh spacing (i.e.,
a large value of m). Moreover, when evaluating the integrand for a dense liquid
(say), we would find that for the overwhelming majority of points this Boltzmann
factor is vanishingly small. For instance, for a fluid of 100 hard spheres at the
freezing point, the Boltzmann factor would be non-zero for 1 out of every 1025
configurations!

The above example clearly demonstrates that better numerical techniques are
needed to compute thermal averages. One such a technique is the Monte Carlo
method or, more precisely, the Monte Carlo importance-sampling scheme intro-
duced 1953 by Metropolis, Rosenbluth, Rosenbluth, Teller and Teller [10]. The
application of this method to the numerical simulation of dense molecular systems
is the subject of the present chapter.

5.1 Importance Sampling

Before discussing importance sampling, let us first look at the simplest Monte
Carlo technique, i.e., random sampling. Suppose we wish to evaluate numerically
a one dimensional integral I :

I= /abdx f(a). (39)

Instead of using a conventional quadrature where the integrand is evaluated at
predetermined values of the abscissa, we could do something else. Note that
equation (39) can be rewritten as:

I'=(b—a)(f(2)), (40)

where (f(z)) denotes the unweighted average of f(x) over the interval [a,b]. In
brute force Monte Carlo, this average is determined by evaluating f(x) at a large
number (say, L) of z-values randomly distributed over the interval [a, b]. It is clear
that as L — oo, this procedure should yield the correct value for I. However, as
with the conventional quadrature procedure, this method is of little use to evaluate
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averages such as in equation (38) because most of the computing is spent on points
where the Boltzmann factor is negligible. Clearly it would be much preferable to
sample many points in the region where the Boltzmann factor is large, and few
elsewhere. This is the basic idea behind importance sampling.

How should we distribute our sampling through configuration space? To see
this, let us first consider a simple, one-dimensional example. Suppose we wish to
compute the definite integral in equation (39) by Monte Carlo sampling, but with
the sampling points distributed non-uniformly over the interval [a,b] (for conve-
nience we assume a = 0 and b = 1), according to some non-negative probability-
density w(x). Clearly, we can rewrite equation (39) as:

I= /01 dx w(x)f((x) : (41)

w(x)

Let us assume that we know that w(x) is the derivative of another (non-negative,

non-decreasing) function w(z), with w(0) = 0 and u(l) = 1 (these boundary
conditions imply that w(z) is normalized). Then I can be written as :
1
I:/ au L2 (42)
o wlz(w)]

In equation (42) we have written z(u) to indicate that if we consider u as the
integration variable, then x must be expressed as a function of u. The next step
is to generate L random values of u uniformly distributed in the interval [0, 1].
We then obtain the following estimate for I :

1 & o)
T T 2 ()] (43)

What have we gained by rewriting I in this way? The answer depends crucially
on our choice for w(z). To see this, let us estimate o?, the variance in I, where
I}, denotes the estimate for I obtained from equation (43) with L random sample

points:
- S (Ll gp) (22}

1=1j=1 [aj( [lU(UJ)

where the angular brackets denote the true average, i.e., the one that would be
obtained in the limit [ — oo. As different samples ¢ and j are assumed to be
totally independent, all cross terms in equation (44) vanish, and we are left with:

- (o))
= L) - ] (15)
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Equation (45) shows that the variance in I still goes as 1/L, but the magnitude
of this variance can be reduced greatly by choosing w(x) such that f(z)/w(x)
is a smooth function of z. Ideally we should have f(z)/w(x) constant, in which
case the variance would vanish altogether. In contrast, if w(x) is constant, as is
the case for the brute force Monte Carlo sampling, then the relative error in [
can become very large. For instance, if we are sampling in a (multi-dimensional)
configuration space of volume €, of which only a small fraction f is accessible (for
instance, f = 10726% see previous section), then the relative error that results in
a brute-force MC sampling will be of order 1/(Lf). As the integrand in equa-
tion (38) is only non-zero for those configurations where the Boltzmann factor is
non-zero, it would clearly be advisable to carry out a non-uniform Monte Carlo
sampling of configuration space, such that the weight-function w is approximately
proportional to the Boltzmann factor. Unfortunately, the simple importance sam-
pling scheme described above cannot be used to sample multidimensional integrals
over configuration space, such as equation (38). The reason is simply that we do
not know how to construct a transformation such as the one from equation (41)
to equation (42) that would enable us to generate points in configuration-space
with a probability-density proportional to the Boltzmann factor. In fact, a neces-
sary (but not nearly sufficient) condition for the solution of the latter problem is
that we must be able to compute analytically the partition function of the system
under study. If we could do that for the systems that are of interest to us, there
would hardly be any need for computer simulation.

5.2 The Metropolis Method

The closing lines of the previous section suggest that it is in general not possible to
evaluate an integral, such as [ dr? exp[—AU(r")] by direct Monte Carlo sampling.
However, in many cases we are not interested in the configurational part of the
partition function itself, but in averages of the type:

S dr® exp[- UM A(xY)
Jdr exp[—GU(r™)

(4) (46)
Hence, we wish to know the ratio of two integrals. What Metropolis et al. [10]
showed is that it is possible to devise an efficient Monte Carlo scheme to sample
such a ratio?. In order to understand the Metropolis method, let us first look
more closely at the structure of equation (46). In what follows we denote the
configurational part of the partition function by Z:

7 = / dr™ exp[—BU ()] . (47)

2An interesting account of the early history of the Metropolis method may be found in:
H.L. Anderson, J. Stat. Phys. 43 (1986) 731 and W.W. Wood, in: Molecular Dynamics Sim-
ulations of Statistical Mechanical Systems, eds. G. Ciccotti and W.G. Hoover, (North-Holland,
Amsterdam, 1986) pg. 3.
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Note that the ratio exp(—3U)/Z in equation (46) is the probability density to find
the system in a configuration around r". Let us denote this probability density
by

N(rN) exp[—ﬂZ/[(I‘N)] ‘
A
Clearly, NV (r") is non-negative.

Suppose now that we are somehow able to randomly generate points in configuration-
space according to this probability distribution N'(r"). This means that, on av-
erage, the number of points n; generated per unit volume around a point r? is
equal to LN (r"), where L is the total number of points that we have generated.

In other words:

(A) ~ % Somi A (48)

By now the reader is almost certainly confused about the difference, if any, between
equation (48) and equation (43) of section 5.1. The difference is that in the
case of equation (43) we know a priori the probability of sampling a point in
a (hyper)volume dr" around r™. In other words we know both exp[—AU(r™)]
and Z. In contrast, in equation (48) we know only exp[—AU(r")], i.e., we know
only the relative, but not the absolute probability of visiting different points in
configuration space.

Let us next consider how to generate points in configuration space with a
relative probability proportional to the Boltzmann factor. The general approach is
first to prepare the system under study in a configuration r”, which we denote by o
(old), that has a non-vanishing Boltzmann factor exp[—/U(0)]. This configuration
may, for example, correspond to a regular crystalline lattice with no hard-core
overlaps. Next, we generate a new trial configuration r'", which we denote by
n (new), by adding a small random displacement A to o. The Boltzmann factor
of this trial configuration is exp[—AU(n)]. We must now decide whether we will
accept or reject the trial configuration. There are many possible rules for making
this decision, that satisfy the constraint that on average the probability of finding
the system in a configuration n is proportional to N (n). Here we discuss only the
Metropolis scheme, because it is simple and generally applicable.

Let us now ‘derive’ the Metropolis scheme to determine the transition prob-
ability 7(o — n) to go from configuration o to n. It is convenient to start with
a thought experiment (actually a thought simulation). We carry out a very large
number (say M) Monte Carlo simulations in parallel, where M is much larger than
the total number of accessible configurations. We denote the number of points in
any configuration o by m(o). We wish that, on average, m(o) is proportional to
N (o). There is one obvious condition that the matrix elements (0 — n) must
satisfy: namely that they do not destroy such an equilibrium distribution once it
is reached. This means that, in equilibrium, the average number of accepted trial
moves that result in the system leaving state o must be exactly equal to the num-
ber of accepted trial moves from all other states n to state o. It is convenient to
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impose a much stronger condition, namely that in equilibrium the average number
of accepted moves from o to any other state n is exactly canceled by the number
of reverse moves. This detailed balance condition implies the following:

N(o)yr(o = n) =N(n)r(n — o) . (49)

There are many possible forms of the transition matrix 7(o — n) that satisfy
equation (49). Let us look how m(o — n) is constructed in practice. We recall
that a Monte Carlo move consists of two stages: first we perform a trial move
from state o to state n. We denote the transition matrix that determines the
probability to perform a trial move from ¢ to j by a(o — n). « is usually referred
to as the underlying matrix of Markov chain [11]. The next stage is the decision to
either accept or reject this trial move. Let us denote the probability of accepting
a trial move from o to n by acc(o — n), Clearly

(o — n) = alo — n) x acc(o — n). (50)

In the original Metropolis scheme, « is chosen to be a symmetric matrix. However,
in later sections we shall see several examples where « is not symmetric. If a is
symmetric, we can rewrite equation (49) in terms of the acc(o — n) :

N (0) x acc(o — n) = N (n) x acc(n — o) . (51)

From equation (51) follows:

) = exp{3U(n) ~ U(o)]} 52)

Again, there are many possible choices for acc(o — n) that satisfy this condition
(and the obvious condition that the probability acc(o — n) cannot exceed 1). The
choice of Metropolis et al. is:

acc(o - n) = N(o)/N(n) if N(n) <N(o)
1 it M(n) > N(o) .

Other choices for acc(o — n) are possible (for a discussion, see for instance [12]),
but the original choice of Metropolis et al. appears to result in a more effi-
cient sampling of configuration space than most other strategies that have been
proposed.

In summary, then, in the Metropolis scheme, the transition probability for
going from state o to state n is given by:

(53)

w(lo—=n) = alo—n) N(n) > N (o)
= afo = n)N(n)/N(o)] N(n)<N(o) (54)
mo—0) = 1—=3,,,m(0—n)
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Note that we still have not specified the matrix a, but for the fact that it must
be symmetric. This reflects the fact that there is a considerable freedom in the
choice of our trial moves. We will come back to this point in subsequent sections.

One thing that we have not yet explained is how to decide whether a trial
move is to be accepted or rejected. The usual procedure is as follows. Suppose
that we have generated a trial move from state o to state n, with U(n) > U(o).
According to equation (52) this trial move should be accepted with a probability:

acc(o — n) = exp{—pU(n) —U(0)]} < 1.

In order to decide whether to accept or reject the trial move, we generate a
random number, denoted by Ranf, from a uniform distribution in the interval
[0,1]. Clearly, the probability that Ranf is less than acc(o — n) is equal to
acc(o — n). We now accept the trial move if Ranf < acc(o — n), and reject
it otherwise. This rule guarantees that the probability to accept a trial move
from o to n is indeed equal to acc(o — n). Obviously it is very important that
our random number generator does indeed generate numbers uniformly in the
interval [0, 1]. Otherwise the Monte Carlo sampling will be biased. The quality of
random number generators should never be taken for granted. A good discussion
of random number generators can be found in the book Numerical recipes [13]
and in the book on Monte Carlo techniques by Kalos and Whitlock [14].

Thus far, we have not mentioned another condition that m(o — n) should
satisfy, namely that it is ergodic, i.e., that every accessible point in configuration
space can be reached in a finite number of Monte Carlo steps from any other point.
Although there are simple MC schemes that are guaranteed to be ergodic, these are
often not the most efficient schemes. Conversely, there are many efficient Monte
Carlo schemes that have either not been proven to be ergodic or, worse, been
proven to be non-ergodic. The solution is usually to mix the efficient, non-ergodic
scheme with an occasional trial move of the less-efficient but ergodic scheme. The
method as a whole will then be ergodic (at least, in principle).

6 A basic Monte Carlo algorithm

It is difficult to talk about Monte Carlo or Molecular Dynamics programs in
abstract terms. The best way to explain how such programs work is to write
them down. This will be done in the present section.

Most Monte Carlo or Molecular Dynamics programs are only a few hundred to
several thousand lines long. This is very short compared to, for instance, a typical
quantum-chemistry code. For this reason, it is not uncommon that a simulator
will write many different programs that are tailor-made for specific applications.
The result is that there is no such thing as a standard Monte Carlo or Molecular
Dynamics program. However, the cores of most MD/MC programs are, if not
identical, at least very similar. Below, we briefly describe such a core program.
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6.1 The algorithm

The prime purpose of the kind of Monte Carlo or Molecular Dynamics program
that we shall be discussing is to compute equilibrium properties of classical many-
body systems. From now on, we shall refer to such programs simply as MC or
MD programs, although it should be remembered that there exist many other
applications of the Monte Carlo method (and, to a lesser extent, of the Molecular
Dynamics method). Let us now look at a simple Monte Carlo program.

In the previous section the Metropolis method is introduced as a Markov pro-
cess in which a random walk is constructed in such a way that the probability to
visit a particular point r"¥ is proportional to the Boltzmann factor exp[— U (r™)].
There are many ways to construct such a random walk. In the approach intro-
duced by Metropolis et al. [10] the following scheme is proposed:

1. select a particle at random, and calculate its energy U (r"),

2. give the particle a random displacement:r’ = r + A, and calculate its new
energy U(r'™),

3. accept the move from r¥ to r'" with probability

acc(o — n) = min (1, exp{—BU"™) — Ux™)]}) . (55)

6.2 Technical details

In this section, we discuss a number of computational tricks that are of great
practical importance for the design of an efficient simulation program. It should
be stressed that most of these tricks, although undoubtedly very useful, are not
unique and have no deep physical significance. But that does not imply that the
use of such computational tools is free of risks or subtleties. Ideally, schemes to
save computer time should not affect the results of a simulation in a systematic
way. Yet, in some cases, the time-saving tricks that are used do have a measurable
effect on the outcome of a simulation. This is particularly true for the different
procedures that are used to avoid explicit calculation of intermolecular interactions
between particles that are far apart. Fortunately, once this is recognized, it is
usually possible to estimate the undesirable side-effect of our time-saving scheme
and to correct for it.

6.2.1 Boundary conditions

Monte Carlo and Molecular Dynamics simulations of atomic or molecular systems
aim to provide information about the properties of a macroscopic sample. Yet,
the number of degrees of freedom that can be conveniently handled in present-day
computers ranges from a few hundred to a few million. Most simulations probe
the structural and thermodynamical properties of a system of a few hundred

20



to a few thousand particles. Clearly this number is still far removed from the
thermodynamic limit. To be more precise, for such small systems it cannot be
safely assumed that the choice of the boundary conditions (e.g., free or hard
or periodic) has a negligible effect on the properties of the system. In fact, in
a three-dimensional N-particle system with free boundaries, the fraction of all
molecules that is at the surface is proportional to N~'/3. For instance, in a simple
cubic crystal of 1000 atoms, some 49% of all atoms are at the surface, and for 10°
atoms this fraction has only decreased to 6%.

In order to simulate bulk phases it is essential to choose boundary conditions
that mimic the presence of an infinite bulk surrounding our N-particle model sys-
tem. This is usually achieved by employing periodic boundary conditions. The
volume containing the N particles is treated as the primitive cell of an infinite
periodic lattice of identical cells (see figure 1). A given particle (i, say) now inter-

Figure 1: Schematic representation of periodic boundary conditions.

acts with all other particles in this infinite periodic system, i.e., all other particles
in the same periodic cell and all particles (including its own periodic image) in
all other cells. For instance, if we assume that all intermolecular interactions are
pairwise additive, then the total potential energy of the N particles in any one
periodic box is
Z/{tot = % Z I’LL(|I'7;]‘ + nL|)
1,7,10

where L is the diameter of the periodic box (assumed cubic, for convenience) and
n is an arbitrary vector of three integer numbers, while the prime over the sum
indicates that the term with ¢ = j is to be excluded when n = 0. In this very
general form, periodic boundary conditions are not particularly useful, because
in order to simulate bulk behavior, we had to rewrite the potential energy as an
infinite sum rather than a finite one®. In practice, however, we are often dealing

3In fact, in the first MC simulation of three-dimensional Lennard-Jones particles, Wood and
Parker [15] discuss the use of such infinite sums in relation to the now conventional approach
discussed below.
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with short-range interactions. In that case it is usually permissible to truncate all
intermolecular interactions beyond a certain cut-off distance r.. How this is done
in practice is discussed below.

Although the use of periodic boundary conditions proves to be a surprisingly
effective method to simulate homogeneous bulk systems, one should always be
aware that the use of such boundary conditions may lead to spurious correlations
that are not present in a truly macroscopic bulk system. In particular, one conse-
quence of the periodicity of the model system is that only those fluctuations are
allowed that have a wavelength that is compatible with the periodic lattice: the
longest wavelength that still fits in the periodic box is the one for which A = L.
If long wavelength fluctuations are expected to be important (as, for instance, in
the vicinity of a continuous phase transition), then one should expect problems
with the use of periodic boundary conditions. Another unphysical effect that is
a manifestation of the use of periodic boundary conditions, is the fact that the
radial distribution function g(r) of a dense atomic fluid is found to be not exactly
isotropic [16].

Finally, it is useful to point out one common misconception about periodic
boundary conditions: namely the idea that the boundary of the periodic box
itself has any special significance. It has not. The origin of the periodic lattice
of primitive cells may be chosen anywhere, and this choice will not affect any
property of the model system under study. In contrast, what is fixed is the shape
of the periodic cell, and its orientation.

6.2.2 Truncation of interactions

Let us now consider the case that we perform a simulation of a system with short-
ranged interactions. In this context, short-ranged means that the total potential
energy of a given particle 7 is dominated by interactions with neighboring particles
that are closer than some cut-off distance r.. The error that results when we
ignore interactions with particles at larger distances can be made arbitrarily small
by choosing r. sufficiently large. If we use periodic boundary conditions, the case
that r. is less than L/2 (half the diameter of the periodic box) is of special interest
because in that case we need only consider the interaction of a given particle ¢ with
the nearest periodic image of any other particles j (see the dotted box in figure 1).
If the intermolecular potential is not rigorously zero for r» > r,, truncation of the
intermolecular interactions at r. will result in a systematic error in U**. If the
intermolecular interactions decay rapidly, one may correct for the systematic error
by adding a tail-contribution to %"

N 00
U =3 ue(ry) + TP / dr u(r)dmnr? (56)

1<j

where u. stands for the truncated potential energy function and p is the average
number density. In writing down this expression, it is implicitly assumed that
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the radial distribution function g(r) = 1 for r > r.. Clearly, the nearest peri-
odic image convention can only be applied if the tail correction is small. From
equation (56) it can be seen that the t ail-correction to the potential energy is
infinite unless the potential energy function u(r) decays more rapidly than =2 (in
three dimensions). This condition is satisfied if the long-range interaction between
molecules is dominated by dispersion forces. However, for the very important case
of Coulomb and dipolar interactions, the tail correction diverges and hence the
nearest-image convention cannot be used for such systems. In such cases, the
interactions with all periodic images should be taken into account explicitly.
There are several factors that make truncation of the potential a tricky busi-
ness. First of all, it should be realized that although the absolute value of the
potential energy function decreases with inter-particle separation r, for sufficiently
large r, the number of neighbors is a rapidly increasing function of r. In fact, the
number of particles at a distance r of a given atom increases asymptotically as
r%=! where d is the dimensionality of the system. As an example, let us com-
pute the effect of truncating the pair potential for simple example —the three-
dimensional Lennard-Jones fluid. The pair potential for this rather popular model

system is given by
12 6
o3 0)] .
i =1e|(2)"- (4 57)

The average potential energy (in three dimensions) of any given atom i is given
by

u; = (1/2) /000 dr d7r?p(r)u(r)

where p(r) denotes the average number density at a distance r from a given
atom i. The factor (1/2) has been included to correct for double counting of
intermolecular interactions. If we truncate the potential at a distance r., we
ignore the tail contribution 'l

u'l = (1/2)/ dr 4w p(r)u(r) (58)
where we have dropped the subscript #, because all atoms in the system are identi-

cal. To simplify the calculation of u**!, we assume that for r > r., the density p(r)

is equal to the average number density p. If u(r) is the Lennard-Jones potential,

we find for u'a!,

. 1 00
utl = 547rp/ dr ru(r)
1 0 12 6
= —167Tp6/ dr 7 [<g> - <g> ]
2 Te r r
8 1 /70\? o\
= gmpeo’” [5 ) - () ] (59)
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For a cutoff distance r. = 2.5 o the potential has decayed to a value that is about
1/60™" of the well depth. This seems to be a very small value, but in fact the
tail correction is usually non-negligible. For instance, at a density po® = 1, we
find u'! = —0.535¢. This number is certainly not negligible compared to the
total potential energy per atom (almost 10% at a typical liquid density), hence
although we can truncate the potential at 2.5 o, we cannot ignore the effect of
this truncation.

6.2.3 Initialization

In order to start the simulation, we should assign initial positions to all particles in
the system. As the equilibrium properties of the system do not (or, at least, should
not) depend on the choice of initial conditions, all reasonable initial conditions are
in principle acceptable. If we wish to simulate the solid state of a particular model
system, it is logical to prepare the system in the crystal structure of interest. In
contrast, if we are interested in the fluid phase, we simply prepare the system
in any convenient crystal structure. This crystal subsequently melts, because
at the temperature and density of a typical liquid-state point, the solid state is
not thermodynamically stable. Actually, one should be careful here, because the
crystal structure may be meta-stable, even if it is not absolutely stable. For this
reason, it is unwise to use a crystal structure as the starting configuration of a
liquid close to the freezing curve. In such cases, it is better to use the final (liquid)
configuration of a system at a higher temperature or lower density, where the solid
is unstable and has melted spontaneously. In any event, it is usually preferable to
use the final (well equilibrated) configuration of an earlier simulation at a nearby
state point as the starting configuration for a new run and adjust the temperature
and density to the desired values.

The equilibrium properties of a system should not depend on the initial con-
ditions. If such a dependence is nevertheless observed in a simulation, there are
two possibilities. The first is that our results reflect the fact that the system that
we simulate really behaves non-ergodically. This is for instance the case in glassy
materials or low-temperature, substitutionally disordered alloys. The second (and
much more likely) explanation is that the system that we simulate is ergodic but
that our sampling of configuration space is inadequate: in other words, we have
not yet reached equilibrium!

6.2.4 Reduced units

In simulations it is often convenient to express quantities such as temperature,
density, pressure etc. in reduced units. This means that we choose a convenient
unit of energy, length and mass and then express all other quantities in terms of
these basic units. In the example of a Lennard-Jones system, we consider we use
a pair potential that is of the form u(r)=ef(r/o), (see equation (57)). A natural
(though not unique) choice for our basic units is the following:
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e unit of length: o
e unit of energy: €
e unit of mass: m (the mass of the atoms in the system)

from these basic units, all other units follow. For instance, our unit of time is
oy/mfe

G/k'B

In terms of these reduced units, denoted with superscript ‘*’, the reduced pair
potential u* = u/e is a dimensionless function of the reduced distance r* = r/o.
For instance, the reduced form for the Lennard-Jones potential is

=15 (5] w

With these conventions we can define the following reduced units: the potential
energy U* = Ue™!, the pressure P* = Po3¢7!, the density p* = po?, and the
temperature 7% = kgTe L.

One may wonder why it is convenient to introduce reduced units. The most
important reason is that there are (infinitely) many combinations of p, T, e and
o that all correspond to the same state in reduced units. This is, in fact, the
law of corresponding states: the same simulation of a Lennard-Jones model can
be used to study Ar at 60 K and a density of 840 kg/m? and Xe at 112 K and
a density of 1617 kg/m?. In reduced units, both simulations correspond to the
state point p*=0.5, T*=0.5. If we had not used reduced units, we might have
easily missed the equivalence of these two simulations. Another, practical, reason
for using reduced units is the following: when we work with real (SI) units, we
find that the absolute numerical values of the quantities that we are computing
(e.g., the average energy of a particle, or its acceleration) are either much less,
or much larger, than 1. If we multiply several such quantities using standard
floating-point multiplication, there is a distinct risk that, at some stage, we will
obtain a result that creates an overflow or underflow. Conversely, in reduced units,
almost all quantities of interest are of order 1 (say, between 1073 and 103). Hence,
if we suddenly find a very large (or very small) number in our simulations (say
10%%), then there is a good chance that we have made an error somewhere. In
other words: reduced units make it easier to spot errors. Simulation results that
are obtained in reduced units can always be translated back into real units. For
instance, if we wish to compare the results of a simulation on a Lennard-Jones
model at 7* = 1 and P* = 1 with experimental data for Argon (¢/kp=119.8 K,

and the unit of temperature is
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quantity reduced units real units

temperature T* =1 +~ T =1198 K
density p*=0.7 < p=1680 kg/m?
time t* =0.005 < t=21610"25s
pressure Pr=1 < P =419 MPa

Table 1: Translation of reduced units to real units for Lennard-Jones Argon
(e/kp=119.8 K, o = 3.405 107"%m, M=0.03994 kg/mol).

o = 3.405 107 %m, M=0.03994 kg/mol), then we can use the translation given in
Table 1 to covert our simulation parameters to real S.I units*.

7 'Trial moves

Now that we have specified the general structure of the Metropolis algorithm, we
should consider its implementation. We shall not go into the problem of selecting
intermolecular potentials for the model system under study. Rather, we shall
simply assume that we have an atomic or molecular model system in a suitable
starting configuration, and that we have specified all intermolecular interactions.
We must now set up the underlying Markov chain, i.e., the matrix a. In more
down to earth terms: we must decide how we are going to generate trial moves.
We should distinguish between trial moves that involve only the molecular centers-
of-mass and those that change the orientation or possibly even the conformation
of a molecule.

7.1 Translational moves

We limit our discussion ot trial moves to those that translate the molecular center-
of-mass. A perfectly acceptable method to create a trial displacement is to add
random numbers between —A and +A to the z,y, and z coordinates of the molec-
ular center-of-mass:

z; — z;+ A(Ranf — 0.5)
y; — vy + A (Ranf —0.5)
zi — 2z + A (Ranf —0.5) . (61)

where Ranf are random numbers uniformly distributed between 0 and 1. Clearly,
the reverse trial move is equally probable (hence « is symmetric)®. We are now

*In what follows we will always use reduced units, unless explicitly indicated otherwise. We,
therefore, omit the superscript ‘*’ to denote reduced units.

5Although almost all published MC simulations on atomic and molecular systems generate
trial displacements in a cube centered around the original center-of-mass position, this is by no
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faced with two questions, namely: how large should we choose A? And: should
we attempt to move all particles simultaneously, or rather one at a time? In
the latter case we should pick the molecule that is to be moved at random, to
ensure that the underlying Markov chain remains symmetric. All other things
being equal, we should choose the most efficient sampling procedure. But, to
this end, we must first define what we mean by efficient sampling. In very vague
terms, sampling is efficient if it gives you good value for money. Good value in a
simulation corresponds to high statistical accuracy, and ‘money’ is simply money:
the money that buys your computer time and even your own time. For the sake
of the argument, we assume the average scientific programmer is poorly paid. In
that case we only have to worry about your computer budget 6. Then we could use
the following definition of an optimal sampling scheme: A Monte Carlo sampling
scheme can be considered optimal if it yields the lowest statistical error in the
quantity to be computed for a given expenditure of computing budget. Usually,
computing budget is equivalent to CPU time.

From this definition it is clear that, in principle, a sampling scheme may be
optimal for one quantity but not for another. Actually, the above definition is
all but useless in practice (as are most definitions). It is just not worth the
effort to measure the error estimate in, for instance, the pressure, for a number
of different Monte Carlo sampling schemes in a series of runs of fixed length.
However, it is reasonable to assume that the mean-square error in the observables
is inversely proportional to the number of uncorrelated configurations visited in
a given amount of CPU time. And the number of independent configurations
visited is a measure for the distance covered in configuration space. This suggests
a more manageable, albeit rather ad hoc, criterion to estimate the efficiency of a
Monte Carlo sampling scheme: namely the sum of the squares of all accepted trial
displacements divided by computing time. This quantity should be distinguished
from the mean-square displacement per unit of computing time, because the latter
quantity goes to zero in the absence of diffusion (e.g., in a solid or a glass), whereas
the former does not.

Using this criterion it is easy to show that for simulations of condensed phases
it is usually advisable to perform random displacements of one particle at a time
(as we shall see later, the situation is different for correlated displacements). To see
why random single-particle moves are preferred, consider a system of N spherical
particles, interacting through a potential energy function U(r"). Typically, we
expect that a trial move will be rejected if the potential energy of the system

means the only possibility. Sometimes it is more convenient to generate trial moves in a spherical
volume, and it is not even necessary that the distribution of trial moves in such a volume is
uniform, as long as it has inversion symmetry. For an example of a case where another sampling
scheme is preferable, see: W.G.T. Kranendonk and D. Frenkel, Mol. Phys., 64 (1988) 403.

6Still, we should stress that it is not worthwhile to spend a lot of your time developing a
fancy computational scheme that will only be marginally better than existing, simpler schemes,
unless your program will run very often and speed is crucial.
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changes by much more than kg7T. At the same time, we try to make the Monte
Carlo trial steps as large as is possible without having a very low acceptance.
A displacement that would, on average, give rise to an increase of the potential
energy by kg1 would still have a reasonable acceptance. In the case of a single-
particle trial move we then have:

U \ — 1/ U \—3
AUY = (= )Ar? - AreAr?
(AU) <8rf‘> re 4 2<8rf‘8rf> reAT; 4

=0 + f(U)Ar} + 0(AY

(62)

where the angular brackets denote averaging over the ensemble, and the horizontal
bar denotes averaging over random trial moves. The second derivative of U/ has
been absorbed into the function f(U), the precise form of which does not concern
us here. If we now equate (Alf) on the right-hand side of equation (62) to kgT,
we find the following expression for Ar?:

Ar ~ kgT/ f(U) (63)

If we attempt to move N particles, one at a time, most of the computation involved
is spent on the evaluation of the change in potential energy. Assuming that
we use a neighbor list or a similar time-saving device, the total time spent on
evaluation the potential energy change is proportional to n/N, where n is the
average number of interaction partners per molecule. The sum of the mean-square
displacements will be proportional to NAr2 ~ NkgT/f(U). And hence the mean-
square displacement per unit of CPU-time will be proportional to: kgT'/(n f(U)).
Now suppose that we try to move all particles at once. The cost in CPU time will
still be proportional to nN. But, using the same reasoning as in equations (62)
and (63), we estimate that the sum of the mean-square displacements is smaller
by a factor 1/N. Hence the total efficiency will be down by this same factor.
This simple argument explains why most simulators use single-particle, rather
than collective trial moves. It is important to note that we have assumed that
a collective MC trial move consists of N independent trial displacements of the
particles. However, efficient collective MC moves can be constructed if the trial
displacements of the individual particles are not chosen independently.

Next, consider the choice of the parameter A which determines the size of the
trial move. How large should A be? If it is very large, it is likely that the resulting
configuration will have a high energy and the trial move will probably be rejected.
If it is very small, the change in potential energy is probably small and most moves
will be accepted. In the literature, one often finds the mysterious statement that
an acceptance of approximately 50% should be optimal. This statement is not
necessarily true. The optimum acceptance ratio is the one that leads to the most
efficient sampling of configuration space. If we express efficiency as mean-square
displacement per CPU-time, it is easy to see that different Monte Carlo codes will
have different optimal acceptance ratio’s. The reason is that it makes a crucial
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difference if the amount of computing required to test whether a trial move is
accepted depends on the magnitude of the move.

In the conventional Metropolis scheme, all continuous interactions have to
be computed before a move can be accepted of rejected. Hence, for continuous
potentials, the amount of computation does not depend on the size of a trial move.
In contrast, for simulations of molecules with hard repulsive cores, a move can be
rejected as soon as overlap with any neighbor is detected. In that case, a rejected
move is cheaper than an accepted one, and hence the average computing time
per trial move goes down as the step-size is increased. As a result, the optimal
acceptance ratio for hard-core systems is appreciably lower than for systems with
continuous interactions. Exactly how much depends on the nature of the program,
in particular on whether it is a scalar or a vector code (in the latter case hard-core
systems are treated much like continuous systems), how the information about
neighbor-lists is stored, and even on the computational ‘cost’ of random numbers
and exponentiation. The consensus seems to be that for hard-core systems the
optimum acceptance ratio is closer to 20% than to 50%.

7.2 Composite moves

It is easiest to start our discussion of composite moves by considering a practical
example, namely Monte Carlo sampling of polymers. Polymers are typically mod-
eled as a string of monomers connected together by a fixed spacing. One approach
to simulating polymers is called reptation. In this approach a trial move consists
of removing a monomer at one end of the polymer and adding a monomer at a
random orientation at the other end. However, we would like to move the entire
polymer to a new shape in one trial move. An arbitrary attempt to do this move
or to add a polymer to the system will almost always be rejected. To overcome
this low acceptance rate, we need to use a smarter Monte Carlo scheme. We shall
use trial moves that are no longer completely random; the moves are biased in
such a way that the trial position and shape of the polymer to be moved has an
enhanced probability to fit into the existing configuration. A similar approach
also will be used for polymer insertion and removal. Biasing a Monte Carlo trial
move, means that the probability to generate forward and reverse trial moves are
no longer equal, that is, (o — n) # a(n — o). To satisfy detailed balance, we
also must change the acceptance rule.

The starting point for the configurational bias Monte Carlo technique is the
static Monte Carlo scheme introduced by Rosenbluth and Rosenbluth in 1955
to sample polymer conformations [1]. In a static Monte Carlo scheme, each new
configuration is generated from scratch. The problem with the Rosenbluth scheme
is that the probability of generating a polymer configuration is not proportional to
its Boltzmann weight. To correct for this bias, we have to weight every generated
configuration by the “Rosenbluth weight” (see below). In the configurational bias
Monte Carlo method, we use the Rosenbluth scheme to generate trial moves,
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and we use the Rosenbluth weight to bias the acceptance of these trial moves.
As we shall show, this procedure guarantees that all polymer conformations are
generated with the correct Boltzmann weight. Note that the configurational bias
Monte Carlo algorithm is a dynamic rather than a static method because new
configurations are generated by applying a trial move to an existing configuration.

To illustrate the basic idea, we show how the configurational bias Monte Carlo
algorithm works for a lattice model consisting of N polymers each consisting of ¢
monomers. The algorithm consists of the following steps:

1. Choose a polymer at random, retrace its conformation , and determine its
Rosenbluth weight W (o). In the following we discuss how to determine
W (o).

2. Generate a trial conformation at a new position using the Rosenbluth scheme
to grow the entire polymer and compute its Rosenbluth weight 1 (n).

3. Accept the trial move with a probability

acc(o — n) = min[l, W(n)/W(0)]. (64)

In practice, step 2 is carried out before step 1. The reason is that the generation
of a new trial configuration often is unsuccessful. In that case, the trial move can
be rejected right away, and there is no need to compute the Rosenbluth weight of
the old configuration.

To determine the Rosenbluth weight of the old configuration denoted by o, we
use the following steps

1. Measure the energy of interaction u;(0) of the first monomer with other
polymers and compute w;(0) = k exp[—fuq(0)].

2. To compute the Rosenbluth weight for the remainder of the chain, we deter-
mine the interaction energy u;(j) of monomer i at its actual position, and
the energy it would have had if it had been placed in any of the other £ — 1
sites (labeled by j) neighboring the actual position of monomer i — 1 . The
energy u;(j) includes all interactions of monomer ¢ with other polymers in
the system and with monomers 1 through ¢ — 1 of the same polymer. These
energies are used to calculate the weights w;(0):

k
w;(0) = e~ Puilo) 4 Z e~ Bui(d) (65)
7j=2

3. Once the entire chain has been retraced, we determine its Rosenbluth weight:
¢
W (o) = [[ wi(o). (66)
i=1
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The Rosenbluth scheme to generate a new trial conformation (denoted by n)
of a polymer proceeds as follows .

1. The first monomer is inserted at a random position. Its energy is denoted by
u1(n), and we define wy(n) = kexp|—Bui(n)], where k is the coordination
number of the lattice. For example, k = 6 for a simple cubic lattice.

2. For the next monomer, with index 7, there are k possible trial directions.
The energy of trial direction j is denoted by u;(j). From the k possible
directions, we select one, say n, with a probability

e_ﬁui(n)

pi(n) = () (67)

where the partial Rosenbluth weight w;(n) is defined as

k
wi(n) =Y e Pl (68)
7j=1

Eqn. 67 biases the growing of the polymers in such a way that conformations
with the lowest energy are selected with the highest probability. It does not
include the interactions with monomers ¢ + 1 to /. Hence, the total energy
of the polymer chain is given by U(n) = X0, us(n).

3. Step 2 is repeated until the entire polymer chain is grown. The total Rosen-
bluth weight of configuration n is given by:

W(n) = H w;(n). (69)

We need to demonstrate that the acceptance rule (64) removes the bias intro-
duced by the use of the Rosenbluth scheme to generate trial conformations. The
probability of generating a particular conformation n follows from the repeated

use of eqn. 67:
Y4 6fﬂui(n) efﬂl/l(n)

alo—n) = Z:r[l o) = W) (70)

Similarly, for the reverse move,

Wi(o) -

a(n — o) = (71)

Using (70) and (71) in the requirement of detailed balance imposes the following
condition on the acceptance criterion

acc(o — n) _ W(n)
acc(n — o)  Wi(o)’

(72)
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Clearly, the acceptance criterion given in eqn. 64 satisfies this condition.

Next we consider a configurational bias Monte Carlo method for off-lattice
systems. If the orientation of a monomer relative to a neighboring monomer is
described by a continuous variable, then there is an essential difference with the
lattice model. In the latter case all the possible orientations can be considered
explicitly, and the corresponding Rosenbluth weight can be calculated exactly.
For the continuum case, we cannot sample all possible orientations, and it is im-
possible to determine the exact Rosenbluth weight because an infinite number
of orientations are possible. Hence, the scheme for lattice models, in which the
Rosenbluth weight for all orientations is calculated, cannot be used for a contin-
uum model. A possible solution would be to use a large but finite number of
trial directions. Surprisingly, this approximation is not necessary. It is possible
to devise a rigorous algorithm using an arbitrary subset of all possible trial direc-
tions. As a consequence, an off-lattice trial move looks very much like its lattice
equivalent:

1. For the first monomer, a trial position r, is selected at random, and the
energy of this monomer is calculated. This energy is denoted by u(n) and,
as before, we define wy (n) = k exp[—/fu;(n)].

2. For the subsequent monomers, k trial bonds of length b are generated, start-
ing from the position of the previous monomer. We denote these trial bonds
by {b}; = (b1, ba,---,by). The end points of these vectors are distributed
randomly on the surface of a sphere with radius b. For each trial position,
the energy u,(b;) is calculated, and one of these positions is selected with

probability
e—Bui(bn)
pi(by) = W (73)
where )
wi(n) =Y e7Pubi), (74)
j=1

In practice, it often is convenient to separate the intra-molecular (bending
and torsion) potential energy from the non-bonded (“external”) potential
energy. In that case, the trial positions for the monomers are drawn from a
Boltzmann distribution of “internal” energies, while the u;(b;) correspond
to the external interactions.

3. Step 2 is repeated until the entire polymer of length ¢ has been grown, and
the normalized Rosenbluth weight can be calculated:

Wi(n) = Wkg”) -1 wi}i"). (75)
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To compute the (off-lattice) Rosenbluth weight of the existing configuration of this
polymer, we proceed as for the new configuration, except that we now generate
k — 1 randomly oriented trial monomers around every existing monomer. We
compute the partial Rosenbluth weight, w;(0), for every set consisting of the
actual monomer plus £ — 1 trial monomers. The total Rosenbluth weight of the
existing chain conformation is W (o) = [];—; w;(0), and the normalized weight is
defined as W(o) = W (0)/k*. Detailed balance is satisfied if we accept trial moves
with a probability
P,cc = Min(1, W(n)/W(0)).

8 Cluster moves

The crucial step in configurational bias Monte Carlo is that the ‘bias’ in the
generation of trial conformations results in an enhanced acceptance of these trials
moves. Ideally, we should like to bias the generation of trial moves in such a
way that every move is always accepted. Surprisingly, it turns out that this is
sometimes possible. Swendsen and Wang [2] (for a review, see ref. [3]) have shown
that, at least for certain classes of lattice problems, it is possible to perform ‘cluster
moves’ that have an acceptance probability of 100%.

The central idea behind the Swendsen-Wang (SW) scheme and subsequent
extensions and modifications is to generate trial configurations with a probability
that is proportional to the Boltzmann weight of that configuration. As a result, the
subsequent trial moves can be accepted with 100% probability. I use a somewhat
simplified derivation of the Swendsen-Wang for cluster moves based, again, on
the condition for detailed balance. Consider and ‘old’ configuration (labeled by
a superscript o) and a ‘new’ configuration, denoted by a superscript n. Detailed
balance is satisfied if the following equality holds:

P4 P, ({cluster}) P (0 — n) Py(o — n) =
Prpr ({cluster}) P (n — 0) Pye(n — o) (76)

where P5™ is the Boltzmann weight of old (new) configuration, P2, ({cluster})
denotes the probability of generating a specific cluster, starting from the old con-
figuration of the system. P{}(o — n) is the probability to transform the gen-
erated cluster from the old to the new situation, and finally P,..(o — n) is that
acceptance probability of a given trial move. We can simplify eq. 76 in two ways:
first of all, we impose that the a priori probability P} (o — n) is the same for
the forward and reverse moves . Moreover, we wish to impose P,.. = 1 for both
forward and reverse moves. This may not always be feasible. However, for the
simple case that I discuss below, this is indeed possible. The detailed balance
equation then becomes:

PLPE,, ({cluster}) = PRPL,, ({cluster}) (77)
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or
Pg,,({cluster})  Pp

Pz, ({cluster}) — Pg

where AFE is the difference in energy between the new and the old configurations.
The trick is then to find a recipe for cluster generation that will satisfy eq.78. In
order to illustrate how this works, consider the Ising model. The extension to
many other models is straightforward.

— exp(—BAE) (78)

Ising model For the construction of the Ising SW algorithm, the dimensionality
of the model is irrelevant. Consider a given configuration of the spin system, with
N, spin-pairs parallel and N, spin-pairs anti-parallel. The total energy of that
configuration is:

E = (N, — N,)J

where .J denotes the strength of the nearest-neighbor interaction. The Boltzmann
weight of that configuration is

P} =exp(—pJ(N, — N,))/Z

where Z is the partition function of the system. In general, Z is unknown, but
that is unimportant. We only use the fact that 7 is a constant. Next, we construct
clusters by creating bonds between spin pairs according to the following recipe:

e If nearest neighbors are anti-parallel, they are not connected.

e If nearest neighbors are parallel, they are connect with probability p and
disconnected with probability (1 — p).

Here, I have assumed that J is positive. If .J is negative (anti-ferromagnetic inter-
action), parallel spins are not connected, while anti-parallel spins are connected
with a probability p.

In the case that we consider, there are N, parallel spin pairs. The probability
that n, of these are connected and n, = N, — n. are ‘broken’ is:

PS., ({cluster}) = p"(1 —p)™ .

Note that this is the probability of connecting (c.q. break) a specified subset of
all links between parallel spins. Once the connected bonds have been selected, we
can define the clusters in the system. A cluster is a set of spins that are at least
singly connected by bonds. We now choose our subset of clusters to flip. After
the cluster flipping, the number of parallel and anti-parallel spin pairs will have
changed, e.g.

N;Lew — N;;ld 4 A

and (hence)
Ny = NJ4— A
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Therefore, the total energy of the system will have changed by an amount —2JA:
Enew = Eog — 2JA .

Let us now consider the probability to make the reverse move. In order to do this,
we should generate the same cluster structure, but now starting from a situation
where there are N,+A parallel spin pairs and N, —A anti-parallel pairs. As before,
the bonds between anti-parallel pairs are assumed to be broken (this is compatible
with the same cluster structure). We also know that the new number of connected
bonds, n'. must be equal to n., because the same number of connected bonds is
required to generate the same cluster structure. The difference appears when we
consider how many of the bonds between parallel spins in the new configuration
should be broken (n';). Using

N =n'c+ny=nc+ny =N+ A=n.+n,+ A
we see that
n'b:nb—i—A

If we insert this in eq. 78, we obtain

P2, ({cluster})

PZ.. ({cluster})
pr(l—p)™

pnc(l _ p)nb+A

(1—p) ™ = % = exp(26JA) . (79)

In order to satisfy this equation, we must have:

1 —p=-exp(—24J)

or
b= 1- exp(—?ﬁJ) )

which is the Swendsen-Wang rule.

8.1 General cluster moves

In general, it is not possible to design clusters such that trial moves are always
accepted. However, it is often convenient to perform clustering to enhance the
acceptance of trial moves. For instance, in molecular systems with very strong
short-range attractions, trial moves that pull two neighboring particles apart are
very likely to be rejected. It is therefore preferable to include trial moves that
attempt to displace the tightly bound particles as a single cluster. In order to
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do this, we have to specify a rule to generate clusters. Let us assume that we
have such a rule that tells us that particles ¢ and j belong to a single cluster
with probability p(i, j) and are disconnected with a probability 1 — p(i, 7). p(i,7)
depends on the state ( relative distance, orientation, spin etc.) of particles ¢ and
J, - Moreover, we impose that p(i,j) is unchanged in a cluster move if both i
and j belong to the cluster, and also if neither particle belongs to the cluster.
For instance, p(i,j) could depend on the current distance of ¢ and j only. If we
denote the potential energy of the old (new) configuration by U, (Uy), the detailed
balance condition requires that

exp(—pU,) [](1 — P (k, 1)) Pyec(0 = n) = exp(—pU,) TI(1 = p" (k. 1)) Poce(n — o)

kl kl

(80)
where k denotes a particle on the cluster, and [ a particle outside it. The super-
scripts f and r denote forward and reverse moves. In writing Eqn. 80, we have
used the fact that the probability to form bonds completely within, or completely
outside, the cluster is the same for forward and reverse moves. From Eqn. 80, we
derive an expression for the ratio of the acceptance probabilities:

Pacc(o — 1) _ (1 —pr(k,l))
R0~ OO =G 1)

Clearly, many choices for py; are possible. A particularly simple form was chosen
by Wu, Chandler and Smit [4]) who assumed that p(i,j) =1 for r;; less than a
critical distance 7. and p(i, j)=0 beyond that distance. Note that the acceptance
rule in Eqn. 80 guarantees that two particles that did not belong to the same
cluster in the old configuration will not end up at a distance less than r..

R = (81)

9 Other Ensembles

In the previous sections we have introduced Monte Carlo simulation as a technique
to compute the average value of an arbitrary function A(r") of the coordinates
of a system of N particles at constant temperature 7" and volume V':

Jdr™ A(r") exp(—pU(r"))
J de™ exp(=pU(xY))

This average is usually referred to as the ‘canonical’ ensemble average. To be
more precise, the true canonical ensemble average (eqn 38) includes the particle
momenta. However, in all cases of practical interest, the integration over momenta
can be carried out analytically, and therefore does not require numerical sampling.

Most Monte Carlo calculations to date have been performed in the constant-
NVT ensemble. However, it is sometimes advisable to perform a simulation where
thermodynamic variables other than N,V or T are kept fixed. In the present
section we discuss such simulations.

< A>yyr=

(82)
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9.1 Isobaric-isothermal ensemble

The isobaric-isothermal (constant-NPT') ensemble is widely used in Monte Carlo
simulations. This is not surprising because most real experiments are also carried
out under conditions of controlled pressure and temperature. Moreover, constant-
NPT simulations can be used to measure the equation of state of a model system
even if the virial expression for the pressure cannot be readily evaluated. This may,
for instance, be the case for certain models of non-spherical hard-core molecules.
But also for the increasingly important class of models where the (non-pairwise
additive) potential energy function is computed numerically for each new con-
figuration. Finally, it is often convenient to use constant-NPT MC to simulate
systems in the vicinity of a first-order phase transition, because at constant pres-
sure the system is free (given enough time, of course) to transform completely into
the state of lowest (Gibbs) free energy, whereas in a constant-NV7T simulation
the system may be kept at a density where it would like to phase-separate into
two bulk phases of different density, but is prevented from doing so by finite size
effects.

Constant-pressure Monte Carlo simulations were first described by Wood [5] in
the context of a simulation-study of two-dimensional hard disks. Although method
introduced by Wood is very elegant, it is not readily applied to systems with
arbitrary continuous potentials. McDonald [17] was the first to apply constant-
NPT simulations to a system with continuous intermolecular forces (a Lennard-
Jones mixture), and it is the constant-pressure method of McDonald that is now
being used almost universally, and that is discussed below.

I will derive the basic equations of constant-pressure Monte Carlo in a way
that may appear unnecessarily complicated. However, this derivation has the
advantage that the same framework can be used to introduce some of the other
non-NV'T Monte Carlo methods to be discussed below. For the sake of conve-
nience we shall initially assume that we are dealing with a system of N identical
atoms. The partition function for this system is given by:

1

Q(N,V,T) = W/OL"'/OL dr™ exp(—BU(EY)) | (83)

where A = \/h?/(2rmkT) is the thermal de Broglie wavelength. It is convenient

to rewrite eqn. 83 in a slightly different way. We have assumed that the system is
1

contained in a cubic box with diameter L = V3. We now define scaled coordinates

sV, by:

r; = Ls;
fori=1,2,---, N. If we now insert these scaled coordinates in eqn 83 we obtain:
vy ! N N
QNV.T) = 5 [+ | ds¥ exp(=pU(s": 1)) (84
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In equation 84, we have written U(s"; L) to indicate that U depends on the real
rather than the scaled distances between the particles. The expression for the
Helmbholtz free energy of the system is:

F(N,V,T) = —kThQ
VN N N
= —KT ()~ len(/ds exp(—AU(sY; L))
= Fju(N,V,T)+ Fo,(N,V,T) . (85)

In the last line of the above equation we have identified the two contributions to
the Helmholtz free energy on the previous line as the ideal-gas expression plus an
excess part. Let us now assume that the system is separated by a ‘piston’ from
an ideal gas reservoir.

The total volume of the system plus reservoir is fixed at a value V4. The total
number of particles is M. Hence the volume accessible to the m = M — N ideal
gas molecules is Vo — V. The partition function of the total system is simply the
product of the partition functions of the constituent sub-systems:

QN.m, V.V, T) = Vo= V)" /ds /ds exp(—BU(sV; L)) (86)
T ASM N'Im]! p( '

Note that the integral over the s™ scaled coordinates of the ideal gas yields simply
1. For the sake of compactness we have assumed that the thermal wavelength of
the ideal gas molecules is also equal to A. The total free energy of this combined
system is Fyy = —kTInQ(N,m,V,Vy,T). Now let us assume that the ‘piston’
between the two subsystems is free to move, so that the volume V of the N-
particle subsystem can fluctuate. Of course, the most probable value of V' will be
the one that minimizes the free energy of the combined system. The probability
density P(V') that the N-particle subsystem has a volume V' is given by:

VN(Vo = V)™ [ds™ exp(—pU(s"; L))

PO = TV (v — vy [ ds exp(— 00 (s™: 1)

(87)

We now consider the limit that the size of the reservoir tends to infinity (Vy —
oo, M — oo,(m/Vy — p). In that limit, a small volume change of the small
system does not change the pressure P of the large system. In other words, the
large system works as a manostat for the small system. In that case we can
simplify eqns. 86 and 87. Note that in the limit V/Vj — 0 we can write:

(Vo = V)™ =V"(1 = (V/V))™ — Vg™ exp(—=mV/ Vo).

Note that for m — oo, exp(—mV/Vj) — exp(—pV'). But, as the reservoir contains
an ideal gas, p can be written as FP. With these substitutions, eqn. 87 becomes:

VN exp(—BPV) [ ds" exp(—pU(s"; L))
152 dV' V!N exp(—BPV") [ dsN exp(—pU(sV; L'))

P(V) = (88)
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In the same limit, the difference in free energy between the combined system and
the ideal-gas system in the absence of the N-particle subsystem is the well-known
Gibbs free energy G :

VN exp(—BPV)
AN NI

G(N,P,T) = —kT ln/dV /ds exp(—BU(sY; L))  (89)
Equation 88 is the starting point for constant-NPT Monte Carlo simulations.
The idea is that the probability-density to find the small system in a particular
configuration of the N atoms (as specified by s) at a given volume V is given
by:

VY exp(—BPV) exp(—BU(s"; L))
[0 dVIVIN exp(—BPV) [ dsN exp(—BU(sV; L")

We can now carry out Metropolis sampling on the reduced coordinates sV and the
volume V', with a weight-function p(s”, V) proportional to exp(—g3{U(s",V) +
PV — N3 'InV}). In the constant-N, P,T MC method, V is simply treated as
an additional coordinate, and trial moves in V' must satisfy the same rules as
trial moves in r (in particular, we should maintain the symmetry of the underly-
ing Markov chain). Let us assume that our trial moves consist of an attempted
change of the volume from V to V! = V + AV, where AV is a random num-
ber uniformly distributed between over the interval [—AVj,.z, +AVinae]- In the
Metropolis scheme such a random, volume changing move will be accepted if:

P(V;sV) =

exp(—pUEY, V) —-UGEY,V)+ PV = V) =N In(V'//V)]) >R, (90)

where R is a random number, uniformly distributed over the interval [0, 1]. Instead
of attempting random changes in the volume itself, one might construct trial moves
in the box-length L [17], or in the logarithm of the volume [18]. Such trial moves
are equally legitimate, as long as the symmetry of the underlying Markov chain is
maintained. However, such alternative schemes result in a slightly different form
for eqn. 90.

Thus far we have limited our discussion of constant-pressure Monte Carlo to
pure, atomic systems. Extension of the technique to mixtures is straightforward.
The method is also easily applicable to molecular systems. However, in the latter
case, it is crucial to note that only the center-of-mass positions of the molecules
should be scaled in a volume move, but never the relative positions of the con-
stituent atoms in the molecule.

9.2 Grand canonical ensemble

The Metropolis sampling scheme allows us to compute thermal averages of func-
tions A(r"), that depend explicitly on the coordinates of the molecules in the
N-body system under study. Examples of such ‘mechanical’ properties are the
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potential energy or the virial contribution to the pressure. However, the Metropo-
lis method cannot be used to determine the integral [ dr" exp(—AU(r")) itself.
The latter quantity measures the effective volume in configuration space that is
accessible to the system. Hence the original Metropolis scheme could not be used
to determine those thermodynamic properties of a system that depend explic-
itly on the configurational integral. Examples of such ‘thermal’” properties are:
the Helmholtz free energy F', the entropy S and the Gibbs free energy G. How-
ever, although the Metropolis method cannot be used to measure, for instance,
free energies directly, it can be used to measure the difference in free energy be-
tween two possible states of an N-body system. This fact is exploited in the
so-called Grand-Canonical Monte Carlo method (GCMC). To simplify things, we
first consider the exchange of a single molecule between an ideal gas reservoir and
a medium in which N other particles are present at fixed positions.

The probability of finding this molecule in an infinitesimal volume element dr
about the point r is proportional to exp[—FU(r)] dr, where § = 1/kgT and U(r)
is the potential energy experienced by the molecule at point r. The molecule may
either be in the gas phase, which has a (large) volume V; or in the volume V;
where the other particles are. It is convenient to write the probability of finding
the molecule in an infinitesimal fraction ds of the volume of the dense medium
about r as

N(r) = cVy e PV ds, (91)

where ¢ is a normalization constant and ds = dr/V;. The probability that the
particle is found in an equal infinitesimal fraction of the volume of the gas is

N(r') = c¢Vp ds, (92)

where we have used the fact that U(r') = 0 in the ideal gas. The ratio of these

probabilities is
M — Vi e BU(r) (93)
N() Vp
If we perform a Monte Carlo trial move in which we attempt to swap a particle
from the ideal gas to the dense medium, we should accept this trial move with
the Metropolis probability acc(0 — 1) = min[1, (V1/V)) exp{—3U(r)}].

A single particle is not very interesting, so let us consider a system (ideal gas
plus dense medium) that contains M (indistinguishable) particles. The probability
of finding a realization of this system where N particles are in the dense medium
and M — N in the ideal gas is given by

NEY) (%) e o (1) (#’_W U (o)

We now consider the limit of an infinite ideal gas reservoir, that is, M — oo,
Vo — oo while the density in the reservoir is fixed, p = M/V,. Then we can
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rewrite eqn. 94 as
\V N
N(rV) V)T —sue) (95)
N!
Now consider the ratio of the probabilities of finding configurations with N + 1
and N particles in the dense medium. From eqn. 95 it follows that this ratio is

N(I‘N+l) _ PV1 e—ﬁ[U(rN'H)—U(I‘N)}
N(rN) N+1 '

(96)

This ratio determines the acceptance probability of a Monte Carlo move in which
we try to add (or remove) a particle to (from) the dense medium. Note that the
properties of the reservoir enter only through the density p.

A simulation of a system in contact with an infinite particle reservoir is called
a grand canonical Monte Carlo simulation. Usually the control parameter in such
simulations is the fugacity z, rather than the density p, and we write

ZNVN e_BU(SN)
N!

Noyr(s™) (97)

For an ideal gas, the fugacity is equal to the density. The relation between the
fugacity and the chemical potential is

eBu

Z:—A?’,

(98)

where A is the de Broglie thermal wavelength.
In a grand canonical simulation, acceptable trial moves are

1. Displacement of particles. A particle is selected at random and moved to a
new position. This trial move is accepted with a probability

ace(s — ') = min|1, exp{—B[U"™) — U(s™)]}]. (99)

2. Insertion and removal of particles. A particle is inserted at a random po-
sition or, with equal probability, a randomly selected particle is removed.
The insertion of a particle is accepted with probability

2V
(N+1)

acc(N = N+ 1) = min[l, exp{—B[U(N +1) — U(N)]}} (100)

and the removal of a particle is accepted with probability

ace(N = N — 1) = min{l, % exp{—BU(N — 1) — U(N)]}] (101)
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9.3 Gibbs ensemble

The condition for coexistence of two or more phases I, 1, - - is that the pressure
of all coexisting phases must be equal (P, = P;; = --- = P), as must be the
temperature (7; = Ty; = --- = T) and the chemical potentials of all species
(uy = p§y = --- = p®). Hence one might be inclined to think that the best
ensemble to study would be the ‘constant-puPT ensemble’. The quotation marks
around the name of this ‘ensemble’ are intentional, because, strictly speaking, no
such ensemble exists. The reason is simple: if we specify only intensive parameters,
such as P,T and p, the extensive variables (such as V') are unbounded. Another
way to say the same thing is that the set P, T, i is linearly dependent. In order to
get a decent ensemble, we must fix at least one extensive variable. In the case of
constant-pressure MC this variable is the number of particles N, while in Grand
Canonical Monte Carlo the volume V' of the system is fixed.

However, we need not impose p, P and T individually. It suffices that in the
simulation the p, P and T of the coexisting phases are the same. This condition is
achieved in the Gibbs-ensemble Monte Carlo method of Panagiotopoulos [19, 20].

Let us consider the partition function for a system of M particles distributed
over two volumes V and V' =V, — V:

QUM, V.V, T) = NZZO A3MVN!‘(/JIW—— N)!
/ dsM=N exp(—BU (sM~N)) / ds™ exp(—BU(s")) . (102)

We now allow trial moves to transport particles from one sub-system to the other
Using the results of the previous section, it is easy to see that the probability ratio
associated with a trial move that transfers one particle from volume V' to volume
V' is given by:

V(M — N)
V(N +1)
exp(—BlUSNTH V) —UGEY; V) + UYL V) — UMY V) .

Py ni1 = (103)

The corresponding expression for the reverse trial move follows by making the
appropriate substitutions in eqn. 104. As before, the acceptance or rejection of
this trial move can be decided by comparing Py_, y; with a random number in
the interval [0,1]. At this stage, we could set up a Monte Carlo simulation in
which we allow trial moves that transfer particles from V' to V' and wvice versa.
In the course of such a simulation, the distribution of particles over V' and V'’
would become such that both subsystems are at the same chemical potential.
This may correspond to a situation where both subsystems have the same density
and pressure, but this need not be the case. For example, if the overall density of
the total system (M /V}), corresponds to a point in the two-phase region of a first-
order phase transition, the two sub-systems may end up in different phases (which
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is desirable), at different pressures (which is undesirable). In order to ensure that
the two subsystems are always at the same pressure, the Gibbs method also allows
for volume changing moves. These may either keep the total volume Vj fixed (this
was the formulation of the original paper of Panagiotopoulos [19]), or the two
systems may both be in contact with a constant-pressure bath at pressure P (this
generalization is described in a subsequent paper by Panagiotopoulos et al. [21]).
Both methods follow directly from the discussion in section 9.1. For the sake of
completeness we write down the expressions for the probability ratios associated
with a volume-changing move in the constant-V; ensemble:

PV S V+AV,V 5V —AV) =
exp(—ﬁ[UN(V + AV) - UN(V) + UM_N(V, - AV) - UM_N(V,)])
exp[NIn((V +AV)/V)+ (M — N)In((V' — AV)/V")] . (104)

In the constant-P ensemble volume changing moves on the two subsystems can
be carried out independently. The probability of acceptance of such trial moves
is given directly by eqn. 90 of section 9.1. Of course, this constant-P method
can only be applied to systems containing two or more components because in a
one-component system, the two-phase region is a line in the P —T-plane. Hence,
the probabibility that any specific choice of P and T will actually be at the phase
transition, is vanishingly small. In contrast, for two-component systems, the two-
phase region corresponds to a finite area in the P — T-plane.

Note that in either formulation of the Gibbs method, the total number of par-
ticles is fixed. The method can be extended to study inhomogeneous systems [22]
and is particularly suited to study phase equilibria in multicomponent mixtures
and equilibria across semi-permeable membranes [21]. The great advantage of the
Gibbs method over the conventional techniques to study phase-coexistence is that
in the Gibbs method the system spontaneously ‘finds’ the densities and compo-
sitions of the coexisting phases. In contrast, the conventional approach was, for
instance, to compute the relevant chemical potentials as a function of pressure at
a number of different compositions (this might require an appreciable number of
simulations), and then construct the coexistence line.

10 Tracing coexistence curves

Once a single point on the coexistence curve between two phases is known, the
rest of that curve can be computed without further free energy calculations. A
numerical technique to achieve this has been proposed by Kofke [23, 24]. In its
simplest form, Kofke’s method is equivalent to the numerical integration of the
Clausius-Clapeyron equation (although Kofke refers to his approach as ‘Gibbs-
Duhem’ integration). Let us briefly recall the derivation of the Clausius-Clapeyron
equation. When two phases o and (3 coexist at a given temperature 7" and pressure
P, their chemical potentials must be equal. If we change both the pressure and the
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temperature by infinitesimal amounts dP and d7 respectively, then the difference
in chemical potential of the two phases becomes

Ha — Hg = —(Sa — Sﬂ)dT + (Va — Vg)dp (105)
Along the coexistence curve p, = 3, and hence

AP Sa—S; AH
T ~ V,—-V; TAV

(106)

where we have used the fact that, at coexistence, AS = TAH, where H, (Hp)
denotes the enthalpy of phase o (3). As AH, T and AV can all be measured
directly in a simulation, dP/dT can be computed from eqn. 106. Kofke used a
predictor-corrector algorithm to solve eqn. 106. If one of the two coexisting phases
is the (dilute) vapor phase, it is convenient to cast eqn. 106 in a slightly different
form:

dinP  AH
d1/T ~  PAV/T

Kofke and co-workers have applied this method to locate the vapor-liquid [23, 24]
and solid-liquid coexistence curves of the Lennard-Jones fluid [25].

It should be stressed that Gibbs-Duhem integration is in no way limited to the
computation of coexistence curves in the P,T—plane. A particularly important
class of problems that can be treated in an analogous fashion are those where
one studies the location of a phase transition as a function of the intermolecular
interaction potential. For instance, Agrawal and Kofke [26] have investigated the
effect of a change of the steepness of the intermolecular potential in atomic systems
on the melting point. In the same spirit, Dijkstra and Frenkel studied the effect of
a change in flexibility of rod-like polymers on the location of the isotropic-nematic
transition [27].

Although Gibbs-Duhem integration is potentially a very efficient technique to
trace a coexistence curve, it is not very robust, as it lacks built-in diagnostics. By
this we mean that the numerical errors in the integration of eqn. 106 may result
in large deviations of the computed coexistence points from the true coexistence
curve. Similarly, any error in the location of the initial coexistence points will lead
to an incorrect estimate of the coexistence curve. For this reason, it is important
to check the numerical stability of the scheme. This can be achieved by performing
additional free-energy calculations to fix two or more points where the two phases
are in equilibrium. Recently, Meijer and Al Azhar have shown that Gibbs-Duhem
integration can be made more robust by combining it with a histogram technique
28].

An alternative to Kofke’s Gibbs-Duhem integration has recently been proposed
by Escobedo and de Pablo [29]. The original Gibbs-Duhem integration is derived
by expressing dyu as a function of dP and d1'. In the approach of Escobedo and
de Pablo, the Gibbs-Duhem equation is rewritten such that it expresses dP as a

(107)
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function of the independent varibales dy and dT'. At coexistence, this then yields

the analog of the Clausius-Clapeyron equation:
dBp _ patis — pslia
dp Po—P5

(108)

where u, (ug) denotes the molar energies of phase o (). In the Gubbs-Duhem
integration of ref. [29], we perform two Grand Canonical (rather than NPT)
simulations in parallel. That is, we impose that the temperature and chemical
potential of the two phases are equal, while eqn. 108 must ensure that the pressures
of the two phases remain the same (provided that we started from a point where
the phases are known to be in equilibrium). This scheme is particularly useful
under conditions where particle insertions are easy, but volume moves are hard.
This is a rather common situation for polymeric systems and is particularly serious
for lattice systems.

11 Virtual moves

In the previous sections we have been discussing several Monte Carlo schemes
that all aimed to sample equilibrium averages in one ensemble or another. The
procedure by which this was achieved was by some kind of random walk through
configuration-space, where the probability of acceptance of a trial move from one
configuration to another was determined by the ratio of the probabilities of these
configurations. In the present section we discuss a number of sampling schemes
in which certain trial moves are attempted but never accepted!. 1 realize that such
a scheme sounds very much like an exercise in futility. In fact, it is nothing of the
sort, as I hope to demonstrate below.

11.1 Particle insertion method

Our first example of a Monte Carlo technique employing virtual moves con-
cerns the so-called ‘particle-insertion’ method (often referred to as the Widom-
method [30]) to measure the chemical potential y of a species in a pure fluid or
in a mixture. The statistical mechanics that is the basis for this method is quite
simple. Consider the definition of the chemical potential p, of a species a. From
thermodynamics we know that p is defined as:

(oG
o= o).,
~(oF
= (ov),,

= -T <g—]‘i> . (109)
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Where G, F' and S are the Gibbs free energy, the Helmholtz free energy and the
entropy, respectively. Here, and in the next few paragraphs we focus on a one-
component system, and hence we drop the subscript a. Let us first consider the
situation at constant NVT. If we express the Helmholtz free energy of an N-
particle system in terms of the partition function @y (eqn. 85), then it is obvious
from eqn. 109 that, for sufficiently large N the chemical potential is given by:
p=—kTIn(Qni1/Qn). If we use the explicit form (eqn. 85) for @y, we find:

o= —kTIn(Qni1/Qn)

= [ g (LB oAU )
= —kT1 <A3(N T 1)> KT < J dsY exp(—pU(sY)) )
= pia(V) + fhex - o

In the last line of eqn. 110, we have indicated the separation in the ideal-gas
contribution to the chemical potential, and the excess part. As p;q(V) can be
evaluated analytically, we focus on p.,. We now separate the potential energy
of the N + 1-particle system into the potential energy function of the N-particle
system, U(s"), and the interaction energy of the N + 1-th particle with the rest:
AU = U(sV*1) — U(s"). Using this separation, we can write fi; as:

few = —KT In < /dsN+1 exp(—pAU) >y, (111)

where < --- >y denotes canonical ensemble averaging over the configuration
space of the N-particle system. The important point to note is that equation 111
expresses [le; as an ensemble average that can be sampled by the conventional
Metropolis scheme. There is only one aspect of this equation that makes it differ-
ent form the averages that we considered before, namely the fact that we compute
the average of an integral over the position of particle N + 1. This last integral
can be sampled by brute-force (unweighted) Monte Carlo sampling. In practice
the procedure is as follows: we carry out a perfectly normal constant NV'T" Monte
Carlo simulation on the system of N particles. At frequent intervals during this
simulation (for instance, after every MC trial move) we randomly generate a co-
ordinate syy1, uniformly over the unit cube. With this value of sy, we then
compute exp(—FAU). By averaging the latter quantity over all generated trial
positions, we obtain the average that appears in eqn. 111. So, in effect, we are
computing the average of the Boltzmann factor associated with the random in-
sertion of an additional particle in an N-particle system, but we never accept any
such trial insertions, because then we would no longer be sampling the average
needed in eqn. 111. The Widom method is a very powerful method to compute
the chemical potential of (not too dense) atomic and simple molecular liquids. Its
main advantage is its great simplicity, and the fact that it can be added on to an
existing constant-NV'T" MC program, without any modifications to the original
sampling scheme: we are simply computing one more thermal average. There is
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something else about the Widom method that makes it appealing, but that has
nothing to do with computationally efficiency: it really provides an insight into
the meaning of the chemical potential. An insight that is often hard to extract
from most text-books on statistical thermodynamics. The extension of the Widom
method to other ensembles relatively straightforward.

When computing the chemical potential of chain molecules, we could use the
Rosenbluth method to insert the chain. However, this method is less suited
for long chains. An alternative approach is the so-called recursive sampling
scheme [31, 32, 33, 34].

11.2 Recursive sampling

The recursive sampling approach is based on a segment-by-segment growth of the
polymer. The aim is to generate a population of trial conformations. The excess
chemical potential of a chain molecule is directly related to the average number
of molecules that have survived the growth process.

The first step of the procedure is to attempt a trial insertion of a monomer in
the system. Suppose that the Boltzmann factor associated with this trial insertion
is by = exp[—Pug(rY)]. We now allow the monomer to make multiple copies of
itself, such that the average number of copies, < ny >, is equal to

(n0> = moby

where 7 is a constant multiplicative factor that remains to be specified. A conve-
nient rule to determine how many copies should be made is the following. Denote
the fractional part of myby by fo and the integer part by 7. Our rule is then
to generate iy (ip + 1) copies of the inserted particle with a probability 1 — f
(fo). Clearly if iy = 0, there is a probability 1 — f; that the monomer will ‘die’.
Assume that we have generated at least 1 copy of the monomer. Every copy from
now on proceeds independently to generate off-spring. For instance, to generate a
dimer population, we add a segment to every surviving monomer. We denote the
Boltzmann weight associated with these trial additions by b (i), where the index
¢ indicates that every surviving monomer will give rise to a different dimer. As
before, we have to decide how many copies of the dimers should survive. This
is done in exactly the same way as for the monomer, i.e. the average number of
dimers that descends from monomer 7 is given by

(n1(@)) = m1by (i)

where 7y, just like my before, is a constant to be specified later. The number
of dimers generated may either be larger or smaller than the original number of
monomers. We now proceed with the same recipe for the next generation (trimers)
and so on. In practice, it is convenient to include the intra-molecular bond-
bending, bond-stretching and torsional energies in the the probability distribution
that determines with what orientation new segments should be added.
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The average number of surviving molecules at the end of the /-th step is equal
to

) = (T ) (expl-ate)

where Uy (") is the total interaction of the chain molecule with the N ‘solvent’
molecules (and the non-bonded intra-molecular interactions). The angular brack-
ets denote a canonical average over the coordinates and over the intra-molecular
Boltzmann factors of the ideal (non-self-avoiding) chain. In other words,

(N = (H ) expl— s (1)

Hence, the excess chemical potential is given by

) =~k (L) (112)
[Lico mi

The constants m; should be chosen such that there is no population explosion,

nor mass extinction. If we have a good guess for ji.;(¢) then we can use this to

estimate ;. In general, however, ; must be determined by trial and error.

This recursive algorithm has several nice features. First of all, it is compu-
tationally quite efficient (in some cases, more than an order of magnitude faster
than the Rosenbluth scheme, for the same statistical accuracy). In fact, in actual
calculations, the algorithm searches in depth first, rather than in breadth. That
is to say: we try to grow a polymer until it has been completed (or has died).
We then continue from the last ‘branch’ of the tree from where we are allowed
to grow another trial conformation. In this way we work our way back to the
‘root’ of the tree. The advantage of this scheme is that the memory requirements
are minimal. Moreover, the structure of the program is very simple indeed (in
languages that allow recursive calls). Last but not least, the recursive scheme
generates an unbiased (i.e. Boltzmann) population of chain conformations [35].

11.3 Exact enumeration

For lattice models, it is often possible to obtain a much more accurate estimate of
the chemical potential of chain molecules. At the basis of this approach lies the
fact that for non-self-avoiding polymers, we can exactly enumerate all acceptable
conformations, for a given configuration of the other particles.

This is most easily seen by considering a chain of length ¢ — 1 on a lattice.
Suppose that every lattice site has b neighbors, that the polymer consists of p
segments and that there are N lattice sites. Clearly, for an ideal polymer in the
absence of any obstacles, the total number of allowed conformations is €;; =
N x bP. If obstacles (e.g. other particles) are present, some random walks are
blocked, and the total number of allowed conformations, €27, is less than €2;4. The
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‘brute-force’ method to determine the ratio Q7/€2;; would be to attempt a large
number of insertions of chains with arbitrary conformation at random points on
the lattice. The ratio of the number of ‘accepted’ trial moves to the total number
of attempted insertions can be used to compute the excess chemical potential of
an ideal polymer chain in this system (see section 11.1)

,U/emcess — _kBT log < Pacceptance > (113)

However, unless the density of obstacles is quite low, the relative statistical error
in the insertion probability will be quite large

Next, consider the enumeration approach [36, 37]. To this end, let us first
compute all N Boltzmann factors associated with the insertion of a point particle
at any lattice site. Clearly, the sum of these Boltzmann factors is simply the
partition function of a point-particle on a lattice, in an external potential. Let us
denote the Boltzmann factor associated with site i as f{ = exp(—u(r;)/kgT).
The partition function for a one-segment polymer (2 points) is computed as fol-
lows. Starting from site 7, we have b ways to grow one segment. But all b directions
will, in general, have different Boltzmann weights fj(o), where j denotes one of the
nearest neighbors of ¢. The total Boltzmann weight associated with the addition
of a 1-segment polymer at site ¢ is then:

fz'(l) fz'(o) X (zb: f;o)) (114)
j

where the sum runs over the nearest neighbors of ¢. The partition function of a
1-segment polymer on a lattice is then simply:

N
0=, (115)
i=1

(where, for convenience, I have assumed that the polymer ‘head’ and ‘tail’ are
distinguishable). Repeating the same argument p times, it is clear that the Boltz-
mann factor associated with all possible conformations of a p-segment polymer
starting at site ¢ is given by:

b
10 =1 < (7). (116)
J
And the total partition function is given by:
- £(0)
0, =3 . (117)
i=1

The important fact to note is that the computation of €2,, a quantity that depends
on N x bP conformations, requires only p iterations of b x N local ‘propagations’ of
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real numbers. For a fixed external potential, the partition function thus computed
is exact. In a practical situation, as with the addition of polymer to a colloidal
dispersion, the external potential is not fixed, but depends on the (continuous)
coordinates of all M colloidal particles, {r™}. Hence, the total partition function
of the polymer also depends on these coordinates: 2, = Q,(r) and, in a sim-
ulation, we should average over a large numebr of configurations of the ”bath”
variables. More importantly, in many cases the assumption that the polymer is
non-self-avoiding is quite unrealistic. If we take self-avoidance into account, the
axact enumeration scheme described above will no longer work. However, the
scheme can still be used to achieve ”biased” insertion of the self-avoiding poly-
mers. This leads to a very considerable speed up of the sampling of the insertion
probability. For more details, see ref. [38].

11.4 Overlapping distribution method

The reader may wonder why, in the previous sections, we have only been discussing
trial move that attempt to add a particle to the system, and not the reverse move.
After all, the chemical potential can also be written as:

po= +ksTIn(Qn/Qn+1)
— i+ hoT I (exp(HOAU) 1, ()

where AU denotes the interaction energy of particle N + 1 with the remaining N
particles. It would seem that equation (118) can be sampled by straightforward
Metropolis Monte Carlo. In general, however, this is not true. The reason is that
the function exp(SAU) is, in principle, not bounded. It can become arbitrarily
large, as AU grows. (Incidentally, this is not true for exp(—3AU), because one of
the conditions that a system must satisfy in order to be describable by classical
statistical mechanics is that its the potential energy function has a lower bound).
The problem with equation (118) is that very large values of the integrand coincide
with very small values O(exp(—SAU)) of the Boltzmann factor (that determines
how often a configuration is sampled during a Monte Carlo run). As a conse-
quence, an appreciable contribution to the average in equation (118) comes from
a part of configuration space that is hardly ever, or indeed never, sampled during
a run. Hard spheres offer a good illustration. As the potential energy function of
non-overlapping hard spheres is always zero, a simple Monte Carlo sampling of
equation (118) for a dense fluid of hard spheres would always yield the nonsensical
estimate pie, = 0 (whereas, in fact, at freezing, jiex/kgT ~ 15). The correct way to
obtain chemical potentials from simulations involving both particle insertions and
particle removals has been indicated by Shing and Gubbins [85, 86]. However, we
find it convenient to discuss this problem in the context of a more general tech-
nique to measure free energy differences, first introduced by Bennett [87], called
the overlapping distribution method.

50



Consider two N-particle systems, labeled 0 and 1 with partition functions @y
and ();. For convenience we assume that both systems have the same volume V/,
but this is not essential. The free energy difference AF = F; — Fy can be written
as:

AF = —kBTln(Ql/Qo)
e (A8 exp[— 4 (s
= —kgTl (fdsNexp[—BLlo(sN)]> . (119)

Suppose that we are carrying out a (Metropolis) sampling of the configuration
space of system 1. For every configuration visited during this sampling of system
1 we can compute the potential energy of system 0 (Uy(s™)) for the same configu-
ration, and hence the potential energy difference AU = U, (s™) — Uy(sV). We use
this information to construct a histogram that measures the probability density
for the potential energy difference AU. Let us denote this probability density by
p1(AU). In the canonical ensemble, p; (Al) is given by:
. deN exp(—ﬁbﬁ) (S(Z/{l - Z/[O - AU)

pi(AU) = ” , (120)

where we have denoted the scaled, configurational part of the partition function by
a lower-case ¢ (e.g., q1 = [dsY exp[—pU;(s")]). The d-function in equation (120)
makes that we can substitute Uy + AU for U, in the Boltzmann factor, hence:

[ ds™ exp[—BUy + AU)| 6y — Uy — AU)

pl(AZ/I) B q1
_ @ eXp(—ﬂAZ/[)deN eXp(—ﬂZ/[o) 5(2/{1 — Z/{o — AZ/{)
qQ qo
- %exp(—ﬁAU)pg(AU) , (121)

where po(AU) is the probability density to find a potential energy difference AU
between systems 1 and 0, while Boltzmann-sampling the available configurations
of system 0. As the free energy difference between systems 1 and 0 is simply
AF = —kgT'In(q1/q0), we find from equation (121):

Inp (AU) = B(AF — AU) + Inpy(AU) . (122)

In order to obtain AF' from equation (122) in practical cases, it is convenient to
define two functions fy and f; by:

fo(AU) = Inpy(AU) — BA?Z/I
and AU
fi(AU) = Inp (AU) + BT
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such that
f(AU) = fo(AU) + BAF .

Suppose that we have measured f; and f; in two separate simulations (one sam-
pling system 0, the other system 1). We can then obtain AF by fitting the
functions fy and f; to two polynomials in AU that are identical but for the con-
stant term. The constant offset between the two polynomials yields our estimate
for AF. Note that, in order to perform such a fit, it is not even necessary that
there exists a range of AU where both f; and f; can be measured. However, in
the absence of such a range of overlap, the statistical accuracy of the method is
usually poor.

Now consider the particle insertion/removal problem. Let us assume that
system 1 is a system with /V interacting particles, while system 0 contains N — 1
interacting particles and 1 ideal-gas particle. The difference in free energy between
these two systems is obviously equal to pe.. Applying equation (122) to this
particular case, we find:

Bliex = f1(AU) — fo(AU) . (123)

Equation (123) is equivalent to the result obtained by Shing and Gubbins. Us-
ing the overlapping distribution method it is possible to combine the results of
simulations with trial insertions and trial removals to arrive at a more accurate
estimate for the chemical potential.

11.5 Umbrella sampling

In the previous section, we introduced the distibution functions py(AU) and
p1(AU) that measure the probability of finding system 0 (1) in an equilibrium
configuration s" where its potential energy difference with system 1 (0) equals
AU. At first sight it would seem that knowledge of either py or p; is sufficient to
estimate the free energy difference between systems 0 and 1. After all, eqn. 122
states that

p1(AU) = po(AU) exp(B(AF — AU) .

If we integrate over AU on both sides of this equation, we obtain:

/ T D (AUYAU = exp(BAF) /  po(AU) exp(—BAU) dAU

1 = exp(BAF) <exp(—BAU) >q, (124)

or

exp(—PBAF) =< exp(—pAU) >¢ .

Although eqn. 124 is very useful to estimate free energy differences between two
systems that are not too dissimilar, its applicability is limited. The problem is
that, in many cases of practical interest, the largest contributions to the average
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< exp(—BAU) >( come from region of configuration space where py(AU) is very
small, while exp(—3AU) is very large. As a result, the statistical error in AF is
large.

One method to achieve a more accurate estimate of AF is the ‘umbrella sam-
pling’ scheme suggested by Torrie and Valleau [39]. The basic idea behind um-
brella sampling is that, in order to obtain an accurate estimate of the free energy
difference between two system (0 and 1), one should sample both the part of con-
figuration space that is accessible to system 1 and the part that is accessible to
0. In order to achieve this in a single simulation, one should modify the Markov
chain that governs the sampling of configuration space. This is achieved by mul-
tiplying the Boltzmann factor of system 0 by a (positive) weighting function w.
As a result, the probability of visiting a point q in configuration space is now
proportional to exp(—3Uy(q"))w(q"). The expression for < exp(—BAU) > now
becomes:

J da™ exp(—pUo(q"))w(q")exp(=BAU(q")) /w(q")]

< exp(=pAU) >o0= [ da exp(—BUo(a" )w(a™) (") /

(125)
or, introducing the notation < ... >, to denote an average over a probability
distribution proportional to exp(—AUs(q™)w(q”):

< exp(—LAU) /w >y,
< —BAU) >y =
exp(=FAU) > <1/w >y,
= <exp(—fFAU)/w >,<w >y . (126)

The second line of eqn. 126 shows that, in order for both terms on the right hand
of this equation to be non-zero, po(AU)w should have an appreciable overlap with
p1(AU), while w itself should be overlap with po(AU). This ‘bridging’ property
of w is responsible for the name ‘umbrella’ sampling.

Although umbrella sampling is, in principle, a powerful technique, one draw-
back is that the function w is not known a priori. Rather, it must be constructed
using the available information about the functions py and p;. This requires some
skill. A second (though related) problem is that an unfortunate choice of w may
result in estimates for AF' that appear reasonable but are, in fact, wrong. Only
by systematic testing is it possible to get a feeling for the statistical errors in an
umbrella sampling calculation. At first sight, it might seem advantageous to refine
the computation of w in such a way that all relevant configurations can be sam-
pled in one run. Surprisingly, this is not the case. Rather, it is advantageous to
perform several umbrella sampling runs in (partially overlapping) ‘windows’. To
see this, let us define an “order parameter” ® that is a measure for the “location”
of a given configuration between systems 0 and 1. For instance, ® might be the
potential energy, or the (in constant-pressure simulations) the density. Let us de-
note the average value of ® in system 1 by ®,,,, and the value in 0, by ®,,;,. Let
us assume that we sample an interval ®,,,, — @i, = A® in n umbrella-sampling
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simulations. The optimum choice of n is clearly the one that samples the complete
®-interval in the minimum computing time. In order to estimate this time, let us
assume that the system performs a random walk in ®-space within the window
A®/n. Associated with the random walk in ®-space is a ‘diffusion constant’ Dg.
The characteristic time needed to sample one interval A®/n is

_ (A%/n)?
n D@ .

Clearly, the total time to sample all n windows is

(Ad)?
TLDq;. ’

Teot =— NTp =

The important point to note is that the computing time decreases with increasing
n. It would, however, be incorrect to assume that n should be chosen as large
as possible. The actual equilibration time of a run in one of the ®-windows also
depends on the rate at which all coordinates ‘orthogonal’ to ® are sampled. Let
us denote this time by 7,. Clearly, once 7, becomes appreciably larger than 7,,
the total computation will scale as n x 7, . This suggests that the optimum choice
of n is the one for which 7, = 7,. For a more detailed discussion, see ref. [90].

The following simple example is meant to demonstrate the power of the um-
brella sampling technique. Consider a model for n-butane, where all bond-lengths
and bond-angles are fixed, except the torsional angle ¢. Let us assume that we
know the intra-molecular energy function Uju.(¢) associated with changes of
the conformation of the molecule. In the dilute gas, the probability of finding a
value of the torsion angle ¢ is proportional to exp(—3Ujnira(¢)). For n-butane,
this distribution has a maximum at ¢ = 0 (the ‘trans’ conformation) and two
lower maxima at ¢ ~ 120 degrees, corresponding to the ‘gauche’ conformation.
Let us suppose that we wish to know what happens to the probability to find a
molecule at the ‘transition state’ between the two gauche conformations, when
the molecule is dissolved in an atomic liquid. The total potential energy function
for the molecule plus solvent is

Utot - Uinter (qN, d)l) + Uintra(¢1) .
The probability density P(¢) to find a particular value of the angle ¢ is given by:
_ J exp(=BUsa)0(¢ — ¢1) dg" d,
J exp(—BUor) dgNdg,

Let us now choose the weighting function w equal to exp(+8U;prq). With this
choice, we can rewrite P(¢) as:

J exp(—BUso )w(0(¢p — ¢1)/w) dq™dg,
[ exp(=BUo)ww =t dgN de,

P(¢)

P(¢)
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J exp(=BUinter) (0(¢ — b1) exp(—=BUinira) dq™ dg
f eXp(_ﬁUinter) eXp(_BUintra) qud¢1

< 0(¢ — ¢1) exp(—BUintra) >inter
< exp(—BUintra) >inter '

(127)

But, as Ujpie depends only on ¢, we can rewrite eqn. 127 as:

_ eXp(_ﬁUintra (¢))
< eXp(_BUintra(d))) >inter

where Pjer(¢) is the probability to find a conformation with internal angle ¢
in the absence of the intramolecular torsion barrier. Pi,.,(¢) can be computed
accurately, even for values of ¢ that are very unlikely in the real system, due to
the presence of the internal potential energy barrier Ujy,pq-

P(¢) Pinter(d)) ’

12 Molecular Dynamics

Molecular Dynamics simulations are in many respects very similar to real exper-
iments. When we perform a real experiment, we proceed as follows: we prepare
a sample of the material that we wish to study. We connect this sample to a
measuring instrument (e.g., a thermometer, manometer, or viscosimeter) and
we measure the property of interest during a certain time interval. If our mea-
surements are subject to statistical noise (as most measurements are), then the
longer we average, the more accurate our measurement becomes. In a Molecular
Dynamics simulation, we follow exactly the same approach. First, we prepare a
sample, i.e., we select a model system consisting of N particles and we solve
Newton’s equations of motion for this system until the properties of the system
do not change with time anymore (we equilibrate the system). After equilibra-
tion, we perform the actual measurement. In fact, some of the most common
mistakes that can be made when performing a computer experiment are very sim-
ilar to the mistakes that can be made in real experiments (e.g., the sample is
not prepared correctly, the measurement is too short, the system undergoes an
irreversible change during the experiment, or we do not measure what we think).
In order to measure an observable quantity in a Molecular Dynamics simula-
tion, we must first of all be able to express this observable as a function of the
positions and momenta of the particles in the system. For instance, a convenient
definition of the temperature in a (classical) many-body system makes use of the
equipartition of energy over all degrees of freedom that enter quadratically in the
Hamiltonian of the system. In particular for the average kinetic energy per degree
of freedom, we have: . .
<§mv3> = ngT (128)
In a simulation, we use this equation as an operational definition of the temper-
ature. In practice, we would measure the total kinetic energy of the system, and
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divide this by the number of degrees of freedom N;(= 3N — 3 for a system of N
particles with fixed total momentum?). As the total kinetic energy of a system
fluctuates, so does the instantaneous temperature

T(t)=3 %]\g) : (129)

=1

The relative fluctuations in the temperature will be of order 1/,/N;. As Ny is

typically of the order of 10% - 103, the statistical fluctuations in the temperature
are of the order of 5-10 %. In order to get an accurate estimate of the temperature,
one should average over many fluctuations.

13 Molecular Dynamics: a Program

A simple Molecular Dynamics program proceeds through the following steps:

1. We read in the parameters that specify the conditions of the run (e.g., initial
temperature, number of particles, density, time-step)

2. We initialize the system (i.e., we select initial positions and velocities)
3. We compute the forces on all particles.

4. We integrate Newton’s equations of motion. This step, and the previous
one make up the core of the simulation. They are repeated until we have
computed the time evolution of the system for the desired length of time.

5. After completion of the central loop, we compute and print the averages of
measured quantities, and stop

Assume that the value of the density and initial temperature are chosen such
that the simple cubic lattice is mechanically unstable and melts rapidly. First,
we put each particle on its lattice site, and then we attribute to each velocity
component of every particle a value that is drawn from a uniform distribution in
the interval [—0.5,0.5]. This initial velocity distribution is neither Maxwellian in
shape, nor even in width. Subsequently, we shift all velocities, such that the total
momentum is zero, and we scale the resulting velocities to adjust the mean kinetic
energy to the desired value. We know that, in thermal equilibrium, the following
relation should hold:

(v2) = kpT/m (130)

TActually, if we define the temperature of a micro-canonical ensemble through (kpT)~!
= (0InQ/OE), then we find that, for a d-dimensional system of N atoms with fixed total
momentum, kg1 is equal to 2E/(d(N — 1) — 2).
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where v, is the a-component of the velocity of a given particle. We can use this
relation to define an instantaneous temperature at time ¢ 7(¢):

N 2
ksT() = M) (131)
P
Clearly, we can adjust the instantaneous temperature 7'(¢) to match the desired
temperature 7' by scaling all velocities with a factor (7/7(t))*/2. This initial
setting of the temperature is not particularly critical, as the temperature will
change anyway during equilibration.

As will appear later, we do not really use the velocities themselves in our
algorithm to solve Newton’s equations of motion. Rather, we use the positions of
all particles at the present (x) and previous (xm) time steps, combined with our
knowledge of the force (£) acting on the particles, to predict the positions at the
next time step. When we start the simulation, we must bootstrap this procedure
by generating approximate previous positions. Without much consideration for
any law of mechanics but the conservation of linear momentum, we approximate
x for a particle in a direction by: xm(i) = x(i) - v(i)*dt. Of course, we could
make a better estimate of the true previous position of each particle. But as we
are only bootstrapping the simulation, we do not worry about such subtleties.

13.1 The force calculation

What comes next is the most time-consuming part of almost all Molecular Dy-
namics simulations, viz., the calculation of the force acting on every particle. If
we consider a model system with pairwise additive interactions (as we do in the
present case), we have to consider the contribution to the force on particle i, due
to all its neighbors. If we only consider the interaction between a particle and the
nearest image of another particle, this implies that, for a system of N particles,
we must evaluate N x (N — 1)/2 pair interactions.

This implies that, if we use no tricks, the time needed for the evaluation of the
forces scales as N2. There exist efficient techniques to speed-up the evaluation
of both short-range and long-range forces in such a way that the computing time
scales as N, rather than N?2.

We first compute the current distance in the z, y and z directions between each
pair of particles i and j. These distances are indicated by xr. As in the Monte
Carlo case, we use periodic boundary conditions. In the present example, we use
a cut off at a distance r, in the explicit calculation of intermolecular interactions,
where 7. is chosen to be less than half the diameter of the periodic box. In that
case we can always limit the evaluation of intermolecular interactions between i
and j to the interaction between i and the nearest periodic image of j.

In the present case, the diameter of the periodic box is denoted by box. If
we use simple cubic periodic boundary conditions, the distance in any direction
between i and the nearest image of j should always be less (in absolute value)
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than box/2. A compact way to compute the distance between i and the near-
est periodic image of j makes us of the nearest integer function (nint(x) in
FORTRAN). The nint function simply rounds a real number to the nearest inte-
ger 8. Starting with the z-distance (say) between i and any periodic image
of j: xr, we compute the x-distance between i and the nearest image of j as,
xr=xr-box*nint (xr/box). Having thus computed all Cartesian components of
ri;, the vector distance between i and the nearest image of j, we compute r?j
(denoted by r2 in the program). Next we test if r7; is less than rZ, the square of
the cut-off radius. If not, we immediately skip to the next value of j. It is perhaps
worth emphasizing that we do not compute |r;;| itself, because this would be both
unnecessary and expensive (as it would involve the evaluation of a square root).

If a given pair of particles is close enough to interact, we must compute the force
between these particles, and the contribution to the potential energy. Suppose
that we wish to compute the z-component of the force:

fm (T) = - aggﬂ)

-5

For a Lennard-Jones system (in reduced units),

0= (7 =035%)

‘7”6

Note that, while computing the interactions between particles, we try, as much as
possible, to avoid divisions because such operations, although cheaper than the
computation of a square root, are more expensive than additions, subtractions
and multiplications.

13.2 Integrating the equations of motion

Now that we have computed all forces between the particles, we can integrate
Newton’s equations of motion. There are algorithms that have been designed to
do this. Some of these will be discussed in a bit more detail below. In the program
below, we have used the so-called Verlet algorithm. This algorithm is not only
one of the simplest, but also usually the best.

To “derive” it, we start with a Taylor expansion of the coordinate of a particle,
around time ¢:

f(t) At?

r(t 4+ At) = r(t) + v(t) At + %At + E +O(AtY)

8Unfortunately, many FORTRAN compilers yield very slow nint functions. It is often
cheaper to write your own code to replace the nint library routine.
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Algorithm 1 (Integrating the equations of motion)

subroutine integrate(f,en) Integrate equations of motion
sumv=0
sumv2=0
do i=1,npart MD loop
xx=2*%x (1) -xm (i) *dt*f (i) Verlet algorithm (132)
vi=(xx-xm(i))/(2+dt) velocity (133)
sumv=sumv+vi velocity center of mass
SUMv2=sumv2+vi**2 total kinetic energy
xm(i)=x(i) update positions previous time step
x(i)=xx update positions current time step
enddo
temp=sumv2/ (3*npart) instantaneous temperature
etot=en+sumv2/(2*npart) total energy
return
end

Comments:

1. the total energy etot should remain approzimately constant during the simu-
lation. A drift of this quantity may signal programmaing errors. It is therefore
important to monitor this quantity. Similarly the velocity of the center of
mass sumv should remain zero.

2. in this subroutine we use the Verletalgorithm (132) to integrate the equations
of motion. The velocities at time step t are calculated using equation (133).
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similarly,

B flt) o, A A
r(t — At) =r(t) — v(t) At + %At T +O(AtY)
Summing these two equations, we obtain:
r(t+ At) +r(t — At) = 2r(t) + @Aﬁ + O(AY)
m
or
N f{#) \ 0
r(t+ At) ~ 2r(t) — r(t — At) + At~ (132)

m
The estimate of the new position contains an error that is of order At*, where At is
the time-step in our Molecular Dynamics scheme. Note that the Verlet algorithm
does not use the velocity to compute the new position. One can, however, derive
the velocity from knowledge of the trajectory, using:

r(t+ At) — r(t — At) = 20(t) At + O(A?)

or,

o(t) = r(t+ At) —r(t — At)

2At

This expression for the velocity is only accurate to order At2. However, it is pos-
sible to obtain more accurate estimates of the velocity (and thereby of the kinetic
energy) using a Verlet-like algorithm (i.e., an algorithm that yields trajectories
that are identical to the one given by equation (132)). In our program, we use
the velocities only to compute the kinetic energy and, thereby the instantaneous
temperature.

Now that we have computed the new positions, we may discard the positions
at time t — At. The current positions become the old positions and the new
positions become the current positions.

At the end of every time-step, we compute the current temperature (temp),
the current potential energy (en) which has been calculated in the force loop, and
the total energy (etot). Note that the total energy should be conserved.

This completes the introduction to the Molecular Dynamics method. The
reader should now be able to write a basic Molecular Dynamics program for
liquids or solids consisting of spherical particles. In what follows, we shall do two
things: first of all, we discuss in a bit more detail, the methods that are available
to integrate the equations of motion. Next, we discuss measurements in Molecular
Dynamics simulations.

+ O(A) (133)

14 Algorithms

It is obvious that a good Molecular Dynamics program requires a good algorithm
to integrate Newton’s equations of motion. In this sense, the choice of algorithm
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is crucial. However, although it is easy to recognize a bad algorithm, it is not
immediately obvious what criteria a good algorithm should satisfy.
Let us look at the different points to consider.

1.

Speed. Although, at first sight, this seems important, it is usually not very
relevant because the fraction of the time spend on integrating the equations
of motion (as opposed to computing the interactions) is small, at least for
atomic and simple molecular systems.

Accurate for large time steps. This is more important, because the
longer the time-step that we can use, the fewer evaluations of the forces are
needed per unit of simulation time. Hence, this would suggest that it is
advantageous to use a sophisticated algorithm that allows one to use a long
time step.

Memory. However, as we shall see below, algorithms that allow one to
use a large time-step, achieve this by storing information on increasingly
higher-order derivatives of the particle coordinates. As a consequence, they
tend to require more storage. For a typical simulation, this is usually not
a serious drawback because, unless one considers very large systems, the
amount of memory needed to store these derivatives is small compared to
the total amount available even on a normal workstation.

. Energy conservation. This is an important criterion, but actually we

should distinguish two kinds of energy conservation, viz., short-time and
long-time. The sophisticated higher-order algorithms tend to have very good
energy conservation for short times (i.e., during a few time-steps). However,
they often have the undesirable feature that the overall energy drifts for
long times. In contrast, Verlet-style algorithms tend to have only moderate
short-term energy conservation, but little long-term drift.

Accuracy. It would seem to be most important to have an algorithm that
accurately predicts the trajectory of all particles for both short and long
times. In fact, no such algorithm exists. For essentially all systems that we
study by MD simulations, we are in the regime where the trajectory of the
system through phase space (i.e., the 6 N-dimensional space spanned by all
particle coordinates and momenta) depends sensitively on the initial con-
ditions. This means that two trajectories that are initially very close, will
diverge exponentially as time progresses. We can consider the integration
error caused by the algorithm as the source for the initial small difference be-
tween the ‘true’ trajectory of the system and the trajectory that is generated
in our simulation. We should expect that any integration error, no matter
how small, will always cause our simulated trajectory to diverge exponen-
tially from the true trajectory compatible with the same initial conditions.
This so-called Lyapunov instability (see section 14.2) would seem to be a
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devastating blow to the whole idea of Molecular Dynamics simulations but
we have good reasons to assume that even this problem need not be serious.
Clearly, this statement requires some clarification. First of all, one should
realize that the aim of an MD simulation is not to predict precisely what
will happen to a system that has been prepared in an precisely known initial
condition: we are always interested in statistical predictions. We wish to
predict the average behavior of a system that was prepared in an initial state
about which we know something (e.g., the total energy) but by no means
everything. In this respect, MD simulations differ fundamentally from nu-
merical schemes to predict the trajectory of satellites through space: in the
latter case, we really wish to predict the true trajectory. We cannot afford
to launch an ensemble of satellites and make statistical predictions about
their destination. However, in MD simulations, statistical predictions are
good enough. Still, this would not justify the use of inaccurate trajectories
unless the trajectories obtained numerically are, in some sense, close to true
trajectories. It is this latter statement that is generally believed to be true
although, to our knowledge, it has not been proven for any class of systems
that is of interest for MD simulations. However, there is considerable nu-
merical evidence (see e.g., [40]) that there exist so-called shadow orbits. A
shadow orbit is a true trajectory of a many-body system that closely follows
the numerical trajectory for a time that is long compared to the time it takes
the Lyapunov instability to develop. Hence the results of our simulation are
representative of a true trajectory in phase space, even though we cannot
tell a priori which. Surprisingly (and fortunately) it appears that shadow
orbits are better behaved (i.e., track the numerical trajectories better) for
systems in which small differences in the initial conditions lead to an ex-
ponential divergence of trajectories than for the, seemingly simpler systems
that show no such divergence [40]. In spite of this reassuring evidence, it
should be emphasized that it is just evidence and no proof. Hence our trust
in Molecular Dynamics simulation as a tool to study the time evolution of
many-body systems is largely based on belief. To conclude this discussion,
let us say that there is clearly still a corpse in the cupboard. We believe
this corpse will not haunt us, and we quickly close the cupboard. For more
details, the reader is referred to [41, 42].

. Reversibility and area preservation. Newton’s equation of motion are
time-reversible, and so should be our algorithms. In fact, many algorithms
are not time reversible. That is, future and past phase-space coordinates do
not play a symmetric role in such algorithms. As a consequence, if one were
to reverse the momenta of all particles at a given instant, the system would
not trace back its trajectory in phase space, even if the simulation would
be carried out with infinite numerical precision. Only in the limit of an
infinitely short time-step will such algorithms become reversible. However,
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what is more important, many seemingly reasonable algorithms differ in
another crucial respect from Hamilton’s equation of motion: true Hamilto-
nian Dynamics leaves the magnitude of any volume-element in phase space
unchanged, but many numerical schemes, in particular those that are not
time-reversible, do not reproduce this area-preserving property. This may
sound like a very esoteric objection to an algorithm, but it is not. Again,
without attempting to achieve a rigorous formulation of the problem, let us
simply note that all trajectories that correspond to a particular energy F
are contained in a (hyper)-volume ) in phase space. If we let Hamilton’s
equation of motion act on all points in this volume (i.e., we let the volume
evolve in time), then we end up with exactly the same volume. However, a
non-area-preserving algorithm will map the volume €2 on another (usually
larger) volume €. After sufficiently long times, we expect that the non-area-
preserving algorithm will have greatly expanded the volume of our system
in phase space. This is not compatible with energy conservation. Hence it is
plausible that non-reversible algorithms will have serious long-term energy
drift problems. Reversible, area-preserving algorithms will not change the
magnitude of the volume in phase space. This property is not sufficient to
guarantee the absence of long-term energy drift, but it is at least compatible
with it. It is possible to check whether an algorithm is area preserving by
computing the Jacobian associated with the transformation of old to new
phase-space coordinates.

Finally, it should be noted that even when we integrate a time-reversible
algorithm, we shall find that the numerical implementation is hardly ever
truly time-reversible. This is so, because we work on a computer with finite
machine precision using floating point arithmetic that results in rounding
errors (of the order of the machine precision).

In the remainder of this chapter, we shall discuss most of the above points in
more detail. Before we do so, let us first consider how the Verlet algorithm scores
on the points listed above. First of all, the Verlet algorithm is fast. But we
had argued that this is relatively unimportant. Secondly, it is not particularly
accurate for long time steps. Hence, we should expect to compute the forces on
all particles rather frequently. Thirdly, it requires about as little memory as is at
all possible. This is useful when we simulate very large systems, but in general it
is not a crucial advantage. Fourthly, its short term energy conservation is fair (in
particular in the versions that use a more accurate expression for the velocities)
but, more importantly, it exhibits little long-term energy drift. This is related to
the fact that the Verlet algorithm is time-reversible and area-preserving. In fact,
although the Verlet algorithm does not conserve the total energy of this system
exactly, there is strong evidence that it does conserve a pseudo-Hamiltonian that
approaches the true Hamiltonian in the limit of infinitely short time-steps (see
section 14.1). The accuracy of the trajectories generated with the Verlet algorithm
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is not impressive. But then, it would hardly help to use a better algorithm. Such
an algorithm may postpone the unavoidable exponential growth of the error in
the trajectory by a few hundred time-steps (see section 14.2). But no algorithm
is good enough that it will keep the trajectories close to the true trajectories for

a time comparable to the duration of a typical Molecular Dynamics run®.

14.1 Liouville formulation of time-reversible algorithms.

Thus far, we have considered algorithms to integrate Newton’s equations of mo-
tion from the point of view of applied mathematics. However, recently Tuckerman,
Berne and Martyna [43] have shown how to systematically derive time-reversible,
area-preserving MD algorithms from the Liouville formulation of classical me-
chanics. The same approach has been developed independently by Sexton and
Weingarten [44], in the context of hybrid Monte Carlo simulations. As the Li-
ouville formulation provides considerable insight into what makes an algorithm a
good algorithm, we briefly review the Liouville approach.

Let us consider an arbitrary function f that depends on all the coordinates
and momenta of the N particles in a classical many-body system. f(p® (¢),r"(¢))
depends on the time ¢ implicitly, i.e., through the dependence of (p",r") on .
The time derivative of f is f:

: of . O0f
/ ra‘i‘p%
= iLf (134)

where we have used the shorthand notation r for r¥ and p for p¥. The last line
of equation (134) defines the Liouville operator

i =i pl (135)

We can formally integrate equation (134) to obtain
(P (1), V(1)) = exp(iLt) f (p(0),xV(0)) (136)

In all cases of practical interest, we cannot do much with this formal solution,
because evaluating the right hand side is still equivalent to the exact integration of
the classical equations of motion. However, there are a few simple cases for which
the formal solution is known explicitly. In particular, suppose that our Liouville
operator contained only the first term on the right-hand side of equation (134).
We denote this part of iL by iL,.

iL, = i(0)— (137)

9Error free integration of the equations of motion is possible for certain discrete models, such
as lattice-gas cellular automata. But these models do not follow Newton’s equation of motion.
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where 1(0) is the value of  at time t=0. If we insert iL, in equation (136) and
use a Taylor expansion of the exponential on the right hand side, we get

f(t) = F(0)+iLtf(0) + (iL;!t)Q
= exp (f(O)t%) f(0)

S SLUL

= £ (PN (0), (x +2(0)1)") (138)

Hence the effect of exp(iL,t) is a simple shift of coordinates. Similarly, the effect
of exp(iL,t), with iL, defined as

f(())_|_...

: Lo O
iL, =p(0)—

1
5 (139)

is a simple shift of momenta. The total Liouville operator, iL is equal to iL, +
iL,. Unfortunately, we cannot replace exp(iLt) by exp(iL,t) x exp(iL,t), because
iL, and iL, are non-commuting operators. For non-commuting operators A and
B, we have

exp(A + B) # exp(A) exp(B) . (140)
However, we do have the following (Trotter) identity:
. A B ANP
elA+B) — Ph_r)rg<> (e?PePe?P) (141)

In the limit P — oo, this relation is formally correct, but of limited practical
value. However, for large but finite P, we have

e(A+B) — (e%e%e%)ljeo(l/lﬂ) (142)

Now let us apply the above expression to the formal solution of the Liouville
equation. To this end, we make the identification

A iLgt ) 0
—=—"=A —
=p p(0) o
and B P
i
P~ = At(0 )ar

where A = ¢t/P. The idea is now to replace the formal solution of the Liouville
equation by the discretized version, equation (142). In this scheme, one time-step
corresponds to applying the operator

iLpA
e 2 e

iLpA
e 2

iLpA
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once. Let us see what the effect is of this operator on the coordinates and momenta
of the particles. First, we apply exp(iL,A/2) to f and obtain

iLpA

"5 1 (07 00,54(0)) = £ ((0(0) + 5(0))", 2 (0))

Next, we apply exp(iL,A) to the result of the previous step

21 ((0(0) + S5(0) Y, (0)) =

£ (00 + SpO)Y, (r0) + Ak(a/2)")

and finally, we apply exp(iL,A/2) once more, to obtain

£ ((0(0) + S(0) + THANY, (¢0) + A(A/2))")

Note that every step in the above sequence corresponds to a simple shift operation
in either r¥ or p". It is of particular importance to note that the shift in r is a
function of p only (because f=p/m), while the shift in p is a function of r only
(because p=F(r")). The Jacobian of the transformation from {p®(0),r™(0)}
to {p™(A),rV(A)} is simply the product of the Jacobians of the three elemen-
tary transformations. But as each of these Jacobians is equal to one, the overall
Jacobian is also equal to one. In other words, the algorithm is area preserving.

If we now consider the overall effect of this sequence of operations on the
positions and momenta, we find the following:

p(0) — p(0)+ 5 (F(0) + F(A) (143
r(0) — r(0)+Ar(A/2)
= r(0) + A£(0) + %QF(O) (144)

But these are precisely the equations of the Verlet algorithm (in the velocity form).
Hence, we have shown that the Verlet algorithm is area preserving. The fact that
it is reversible follows directly from the fact that past and future coordinates enter
symmetrically in the algorithm.

The method of ref. [43] allows us to derive the Verlet algorithm as a special case
of the Trotter expansion of the time-evolution operator. It should be realized that
the decomposition of iL as a sum of iL, and iL,, is arbitrary. Other decompositions
are possible and may lead to algorithms that are more convenient.

Finally, let us try to understand the absence of long-term energy drift in the
Verlet algorithm. When we use the Verlet algorithm, we replace the true Liouville
operator exp(iLt) by exp(iL,At/2)exp(iLpAt)exp(iL,At/2). In doing so, we
make an error. If all (n-th order) commutators of L, and L, exist (i.e., if the
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Hamiltonian is an infinitely differentiable function of p¥ and r") then we can, at
least in principle, evaluate the error that is involved in this replacement:

exp(iL, At/2) exp(iLpAt) exp(iL,At/2) = exp(iLAt + €) (145)

where € is an operator that can be expressed in terms of the commutators of L,
and L,

o0

€ = Z(At)2n+102n+1 (146)
n=1
where ¢,, denotes a combination of m-th order commutators. For instance, the
leading term is

1. S 1. S
—(Ap? (ﬂ[lLr, L0, L] + =5 (i L, IL,,]]> .
Now the interesting thing to note is that, if the expansion in equation (146)
converges, then we can define a pseudo Liouville operator

inseudo =il + E/At .

This pseudo Liouville operator corresponds to a pseudo Hamiltonian and the re-
markable thing is that this pseudo Hamiltonian (Hpseudo) is rigorously conserved
by Verlet style (or generalized multi-time-step) algorithms [45, 46, 47]. The dif-
ference between the conserved pseudo Hamiltonian and the true Hamiltonian of
the system is of order (At)?" (where n depends on the order of the algorithm).
Clearly, by choosing At small (and, if necessary, n large), we can make the dif-
ference between the true and the pseudo Hamiltonian as small as we like. As the
true Hamiltonian is forced to remain close to a conserved quantity, we can now
understand why there is no long term drift in the energy with Verlet-style algo-
rithms. In some cases, we can explicitly compute the commutators (for instance,
for a harmonic system) and can verify that the pseudo-Hamiltonian is indeed con-
served [41]. And even if we cannot compute the complete series of commutators,
the leading term will give us an improved estimate of the pseudo-Hamiltonian.
Toxvaerd [41] has verified that even for a realistic many-body system, such an
approximate pseudo-Hamiltonian is very nearly a constant of motion.

14.2 Lyapunov instability

To end this discussion of algorithms, we wish to illustrate the extreme sensitivity
of the trajectories to small differences in initial conditions. Let us consider the
position (r") of one of the N particles at time ¢. This position is a function of
the initial positions and momenta at ¢ = 0:



Let us now consider the position at time ¢ that would result if we perturbed the
initial conditions (say, some of the momenta) by a small amount €. In that case,
we would obtain a different value for r at time ¢:

r'(t) = f(x"(0), p"(0) + &)

We denote the difference between r(¢) and r'(t) by Ar(¢). For sufficiently short
times, Ar(¢) is linear in e. However, the coefficient of the linear dependence
diverges exponentially, i.e.,

IAE()] ~ e exp(Xt) (147)

This so-called Lyapunov instability of the trajectories is responsible for the fact
that we cannot hope to accurately predict a trajectory for all but the shortest
simulations. The exponent A is called the Lyapunov exponent (more precisely,
the largest Lyapunov exponent: there are more such exponents (6N, in fact),
but the largest dominates the long-time exponential divergence of initially close
trajectories). Suppose that we wish to maintain a certain bound Ap,.x on |Ar(?)],
in the interval 0 < t < t.c. How large an initial error (€¢) can we afford? From
equation (147), we deduce

€ ~ Apmax €Xp(—Atmax)

Hence, the acceptable error in our initial conditions decreases exponentially with
timaz, the length of the run. To illustrate that this effect is real, we show the result
of two almost identical simulations: the second differs from the first in that the
z-components of the velocities of 2 particles (out of 1000) have been changed by
+10"' and —10"*° (in reduced units). We monitor the sum of the squares of the
differences of the positions of all particles:

N

> Iri() = r'i(1)°

=1

As can be seen in figure 2, this measure of the distance does indeed grow exponen-
tially with time. After 1000 time-steps, the two systems that were initially very
close have become very nearly uncorrelated. It should be stressed this run was
performed using perfectly normal parameters (density, temperature, time-step).
The only unrealistic thing about this simulation is that it is extremely short. Most
Molecular Dynamics simulations require many tens, if not hundreds, of thousands
of time-steps.
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Figure 2: Illustration of the Lyapunov instability in a simulation of a Lennard-
Jones system. The figure shows the time dependence of the sum of squared dis-
tances between two trajectories that were initially very close (see text). The total
length of the run in reduced units was 5, which corresponds to 1000 time steps.
Note that, within this relatively short time, the two trajectories become esentially
uncorrelated.
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15 Free energy and phase behavior

15.1 Thermodynamic Integration

The second law of thermodynamics states that for a closed system with energy
E, volume V and number of particles IV, the entropy S is at a maximum when
the system is in equilibrium. From this formulation of the second law it is simple
to derive the corresponding equilibrium conditions for systems that can exchange
heat, particles or volume with a reservoir. In particular, if a system is in contact
with a heat bath, such that its temperature 7, volume V' and number of particles
N are fixed, then the Helmholtz free energy F' = E — TS is at a minimum in
equilibrium. Analogously, for a system of N particles at constant pressure P and
temperature T', the Gibbs free energy G = F' 4+ PV is at a minimum.

If we wish to know which of two phases (denoted by « and () is stable at
a given temperature and density, we should simply compare the Helmholtz free
energies I, and Fj of these phases. It would seem that the obvious thing to do
is simply to measure F;, and Fj by computer simulation. Unfortunately, it is not
possible to measure the free energy (or entropy) directly in a simulation. What we
can measure in a simulation are averages of mechanical quantities, i.e. averages of
functions of the coordinates and momenta of the molecules in the system, such as
the pressure or the dielectric constant. If we denote such a mechanical quantity
by A(pY,q"), then the average of A that can be measured in a simulation at
constant N, V and T is

[ dp™dg™ A(p", q") exp (—pH (p", q"))
J dpVdq" exp (=GH (p", q"))
where H is the Hamiltonian of the system expressed as a function of the momenta

p” and coordinates qV. kp is Boltzmann’s constant and 3 = 1/(kgT).

However, entropy, free energy and related quantities are not simply averages of
functions of the phase-space coordinates of the system. Rather they are directly
related to the volume in phase space that is accessible to a system. For instance,
in classical statistical mechanics, the Helmholtz free energy F' is directly related
to the canonical partition function Qyyr:

J dp"dq" exp (—BH (p", qN)))

< A >NVT— (148)

(149)

F:—kBTanNVTE—kBT1n< BAN N1

where h is Planck’s constant and d is the dimensionality of the system.

It is clear that @) nyr is not of the form of a canonical average over phase space.
And this is why F' or, for that matter, S or GG, cannot be measured directly in a
simulation. We call such quantities that depend directly on the available volume
in phase thermal quantities.

Actually, there is nothing strange about the fact that thermal quantities cannot
be measured directly in a simulation: the same problem occurs in the real world
— thermal quantities cannot be measured directly.
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When considering numerical schemes to determine the free energy, it is there-
fore instructive to look at the ezperimental techniques to determine entropies or
free energies. In experiments, one does not measure the free energy directly, but
rather a derivative of the free energy with respect to volume V' or temperature 7":

(g—@w _ _p (150)
and
(%) - (151)

As the pressure P and the energy E are mechanical quantities, they can be mea-
sured both in experiment and in simulation. In order to compute the free energy
of a system at given temperature and density, we should find a reversible path
in the V' — T plane, that links the state under consideration to a state of known
free energy. The change in F' along that path can then simply be evaluated by
integration of Eqns. 150 and 151. There are only very few thermodynamic states
where the free energy of a substance is known. One state is the ideal gas phase,
another may be the perfectly ordered ground state at 7' = 0K.

In computer simulations, the situation is quite similar. In order to compute
the free energy of a dense liquid, one may construct a reversible path to the very
dilute gas phase. It is not really necessary to go all the way to the ideal gas. But
at least one should reach a state that is sufficiently dilute that the free energy can
be computed accurately, either from knowledge of the first few terms in the virial
expansion of the compressibility factor PV/(NkET), or that the chemical potential
can be computed by other means. For the solid, the ideal gas reference state is less
useful (although techniques have been developed to construct a reversible path
from a dense solid to a dilute (lattice) gas [48]). The obvious reference state for
solids is the harmonic lattice. Computing the absolute free energy of a harmonic
solid is relatively straightforward, at least for atomic and simple molecular solids.
However, not all solid phases can be reached by a reversible route from a harmonic
reference state. For instance, in molecular systems it is quite common to find a
strongly anharmonic plastic phase just below the melting line. This plastic phase
is not (meta-) stable at low temperatures.

15.1.1 Artificial paths

Fortunately, in computer simulations we do not have to rely on the presence of a
‘natural’ reversible path between the phase under study and a reference state of
known free energy. If such a path does not exist, we can construct an artificial
path. This is in fact a standard trick in statistical mechanics (see e.g. [49]). It
works as follows: Consider a case where we need to know the free energy F(V,T)
of a system with a potential energy function Uy, where U is such that no ‘natural’
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reversible path exists to a state of known free energy. Suppose now that we can
find another model system with a potential energy function U, for which the free
energy can be computed exactly. We define a generalized potential energy function
U(X), such that U(A = 0) = Uy and U(A = 1) = U;. The free energy of a system
with this generalized potential is denoted by F()). Although F'()) itself cannot
be measured directly in a simulation, we can measure its derivative with respect

to A
()= o) e

If the path from A\ = 0 to A = 1 is reversible, we can use eq. 152 to compute
the desired F/(V,T). We simply measure < 9U/0A > for a number of values of A
between 0 and 1.

In the numerical simulation of bio-molecular molecules, ‘artificial’ thermody-
namic integration is often used to compute the difference in excess free-energy of
similar but distinct molecules (see e.g. [50]). Such calculations are important in
many different contexts. For instance, one can thus compute the relative bind-
ing strengths of closely related molecules to an enzyme. In such calculations, the
thermodynamic integration involves a gradual replacement of part of the molecule
by another building block (for instance, an H could be transformed into a C'Hj

group).

15.1.2 Reference systems

Let us consider the computation of the free energy of a crystalline solid by ther-
modynamic integration. In such calculations it is important to select a reason-
able reference system, i.e. a system that is, in some sense ‘close’ to the system
of interest, and can be reached without crossing any first-order phase-transition
boundaries. One of the safest choices for a reference system appears to be an Ein-
stein crystal with the same structure as the phase under study [51]. This choice of
reference system makes it extremely improbable that the path connecting A = 0
and A = 1 will cross an (irreversible) first order phase transition from the ini-
tial structure to another, only to go back to its original structure for still larger
values of A\. Nevertheless, it is important that the parametrization of U()) be
chosen carefully. Usually, a linear parametrization (i.e. U(X) = AUy + (1 — \)Uj
) is quite satisfactory. But occasionally such a parametrization may lead to weak
(and relatively harmless) singularities in eq. 152 for A — 0. There are, how-
ever, alternative thermodynamic integration schemes that do not suffer from this
problem [52]. More details about such free energy computations can be found in
ref. [52, 77, 53].

Similar techniques can be used to locate first-order phase transitions involving
phases with partial order (e.g. liquid crystals). For details, the reader is referred
to refs [54, 55, 56, 57, 58, 59]. Finally, thermodynamic integration techniques are
particularly useful to compute the Gibbs free energy of mixtures. An example is
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the work of Kranendonk and Frenkel, who have computed the melting curve of a
substitutionally disordered solid mixture of hard spheres with different size [60].
In this case, thermodynamic integration is used to slowly change the size-ratio
of the particles at fixed volume fraction. The reference point is size ratio a = 1
(‘isotopic mixture’). The reversible work needed to change the size ratio from 1
to a given value of « is a direct measure for the excess free energy of the solid
solution at that composition. This technique was subsequently used by Eldridge
et al. [61] to compute the relative stability of the ABy and ABi3 crystal phases
of dissimilar hard spheres with a size ratio o &~ 0.58. For details, the reader is
referred to ref. [62, 63, 64].

16 Perturbation Theory

The thermodynamic integration scheme discussed in the previous section lies at
the root of thermodynamic perturbation theory [49]. The aim of thermodynamic
perturbation theory is to arrive at an estimate of the free energy (and all derived
properties) of a many-body system, using as input information about the free
energy and structure of a simpler reference system. We assume, as before that
the potential energy function of this reference system is denoted by U, while the
potential energy function of the system of interest is denoted by U;. In order
to compute the free energy difference between the known reference system and
the system of interest, we use the linear parametrization of the potential energy
function
UXN) =AU+ (1 -\ .

From Eqn. 152 we know how to compute the derivative of the free energy with
respect to A and hence we can express the free energy difference Fy — Fj as

1
Fy— Fy = /0 X\ (Uy — Up) yvrn (153)

This expression (first derived by Kirkwood), although useful for simulations, is not
particularly useful for theoretical estimates of the free energy difference F| — Fy.
However, we can make progress by considering

(o)
a)\Z NVTA

For the linear parametrization considered here, it is straightforward to show that

(%) L =h (@ =00 o = (O = U)oyry)  (154)

The important thing to note is that the second derivative of F' with respect to A
is always negative (or zero). This implies that

(7)1 (1)
2 NVTA:O_ 2 NVTX

73



and hence
Fy < Fy + (U1 — Uo) yyraeo (155)

This variational principle for the free energy is known as the Gibbs-Bogoliubov
inequality. It implies that we can compute an upper bound to the free energy
of the system of interest, from knowledge of the average of U; — U, evaluated
for the reference system. Of course, the usefulness of Eqn. 155 depends crucially
on the quality of the choice of reference system. A good reference system is not
necessarily one that is close in free energy to the system of interest, but one
for which the fluctuations in de potential energy difference U; — U, are small.
Thermodynamic perturbation theory for simple liquids has been very successful,
precisely because the structure of the reference system (hard-sphere fluid) and
the liquid under consideration (e.g. Lennard-Jones) is very similar. As a result,
< Uy —Up > hardly depends on A and, as a consequence, its derivative (Eqn. 154)
is very small.

16.1 Perturbation theory for hard-core systems?

One drawback of the conventional formulation of thermodynamic perturbation
theory is that it fails if the perturbation becomes very large, even when it is
intuitively clear that the actual free energy difference between the reference system
and the perturbed system should be small. Consider for instance a simple fluid
with a steeply repulsive, but continuous potential. The free energy of this system
will be very close to that of a hard-sphere reference system, provided that we
make an optimal choice for the hard-sphere diameter o (see e.g. [49]). However,
if we would try the inverse, i.e. compute the free energy of the hard-sphere fluid,
starting from the continuous reference system, then Eqn. 155 would always predict
an infinite free energy for the hard-sphere fluid. Admittedly, this example is not
very realistic. But there are many cases where one would like to use a reference
system with continuous interactions to model a system with hard-core interaction:
for instance, one might wish to use an Einstein crystal as a reference system for a
hard-sphere crystal, or one might be interested in developing a mean-field (Maier-
Saupe [88]) model for a liquid crystal consisting of hard rods or platelets. To my
knowledge, this problem seems to bother other people less than it bothers me. In
fact, I have never seen the simple derivation that I present below in the literature.
But I guess that it must exist somewhere.

Consider the case that we wish to estimate the Helmholtz free energy Fj, of
a model system characterized by a potential energy function U,. The subscript
h stands for “hard core”, because later, I will consider the case the U, is a hard-
core potential. At this stage, however, I make no assumptions about U,. In
addition, we have a simple reference system with a potential energy function U,
(the r stands reference. U, may be a continuous function, but again, that is not
essential at this stage). In what follows, I denote the configurational part of the
partition functions of the two systems by Z;, and Z, respectively. We assume that
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the free energy of the reference system (F}) is known. Now consider two related
model systems, one with a potential energy function U,/2 and the other with
potential energy U,./2. We construct the following non-negative expression

9(A) = (exp(—BUx/2) + Xexp(—BU, /2))?

where A is an arbitrary real number. Let us now consider the integral of g(\) over
all configuration space.

/drNg()\) — /drN exp(—BUp) +2)\/drN exp(— AUy + U,)/2) +/drN exp(—AU;)
= Zn+ 22X\ + N7, , (156)

where Zj, is defined as
A= /drN exp(—6(U, +U,)/2)

As g(A) is non-negative, it follows that the expression in the last line of Eqn. 156
must also be non-negative. But Eqn. 156 is a simple quadratic equation in \.
Hence, we can immediately conclude that

7,2y > Zp, (157)

We can rewrite this in the form of a simple variational expression for Z:

Z\ 2
7z () 2 (158)

r

or,

Z
F, < F, — 2kyTIn ( Zh> (159)

r

Now let us consider two applications. First, the (conventional one) where the
reference potential U, describes a hard-core interaction, while U, is continuous.
Then we immediately get,

F, < F, = 2kgT In (exp(—0U,/2)), . (160)

And, in the limit of weak perturbations (or, more generally, in the case that the
fluctuations of Uy, in the reference system are negligible), we recover the old result

Fy < F.+(Uy), . (161)

Now consider the more interesting limit, where U}, is a hard-core potential and U,
is a continuous reference potential. In that case, we can write Eqn. 159 as

Fy < F, — 2kgT In (exp(—B(Uy — U,/2))), . (162)
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17 Mean-field theory

The Gibbs-Bogoliubov inequality can be used as a starting point to derive mean-
field theory, which can be considered as a systematic approximation for the free
energy of a many-body system. For the sake of simplicity, we consider a many-
body Hamiltonian of interacting spins

J N
U1 == —5 E Z SiSj -
i=1 jnni

We wish to approximate this model system, using a reference system with a much
simpler Hamiltonian, namely one that consists of a sum of one-particle contribu-
tions, e.g.

N
U() = Z hSi
=1

where h denotes the effective “field” that replaces the interaction with the other
particles. The free energy per particle of the reference system is given by

fo(h) = —kpTIn / ds exp(—Bhs)

We can easily compute the average value of s in the reference system

dfo(h)
< 5 >p= 163
T T on (163)
Now, we consider the Gibbs-Bogoliubov inequality (Eqn. 155)
i < fotr <up—wu>o
J
= f0—|— < —5 Z Sisj - hSi >[]
jnni
J 2
= f0—§Z<S> —h<s> (164)

where, in the last line, we have introduced z, the coordination number of particle
1. Moreover, we have used the fact that, in the reference system, different spins
are uncorrelated. We now look for the optimum value of h, i.e. the one that

minimizes our estimate of f;. Carrying out the differentiation with respect to h,
we find

Ofo—3z<s>>—h<s>

oh
0
= <S>—(Jz<s>+h)%—<s>
0<s>
= —(J h)————— 165
(Jz < s> +h) 5 (165)
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And hence,
h=—-Jz<s> (166)

If we insert this expression for h in Eqn. 163, we obtain an implicit equation for
< s >, that can be solved to yield < s > as a function of 7. The free energy
estimate that we obtain when inserting this value of < s > in Eqn. 164 is

J
fur = fo+ 57 <5 >2 (167)

The subscript M F' in this expression stands for the “mean-field” approximation.
It is very important to note that the free energy that results from the mean-
field approximation is not simply the free energy of the reference system with the
effective field. Many books on statistical mechanics are extremely vague (if not
outright wrong) on this matter. A notable exception is the book by Yeomans [89].

The example of mean-field theory that I discussed above was chosen for its sim-
plicity. However, the same variational method can be used to derive more general
mean-field theories. Of course, the mean-field “recipe” described here cannot be
used to approximate the free energy of hard-core models (for the same reason that
conventional perturbation theory will not work in such cases). However, in that
case, Eqn. 162 could be used as a starting point to devise a mean-field theory for
systems with hard-core interactions.

18 Omnsager’s regression hypothesis

Diffusion is the process whereby an initially non-uniform concentration profile
(e.g. an ink drop in water) is smoothened in the absence of flow (no stirring).
Diffusion is caused by the molecular motion of the particles in the fluid. The
macroscopic law that describes diffusion is known as Fick’s law: it states that
the flux j of the diffusing species is proportional to (minus) the gradient in the
concentration of that species:

j=-DVc (168)

where D, the constant of proportionality, is referred to as the diffusion coeffi-
cient. In what follows, I shall be discussing a particularly simple form of diffu-
sion, namely the case that the molecules of the diffusing species are identical to the
other molecules, but for a ‘label’ that does not affect the interaction of the labeled
molecules with the others. For instance, this ‘label’ could be a particular polariza-
tion of the nuclear spin of the diffusing species or a modified isotopic composition.
Diffusion of a labeled species among otherwise identical solvent molecules is called
self-diffusion.

Let us now compute the concentration profile of the tagged species, under the
assumption that a time ¢ = 0, the tagged species was concentrated at the origin of
our coordinate frame. In order to compute the time-evolution of the concentration
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profile, we must combine Fick’s law with an equation that expresses conservation
of the total amount of labeled material:

Oc(r,t
Y v e =0 (169)
ot
Combining Eqn. 169 with Eqn. 168, we obtain
t
%rl) g2, 1) = 0 (170)
ot
We can solve Eqn. 170 with the boundary condition
c(r,0) = 4d(r) (171)
to yield
2
= — ——). 172
C(T,t) (47rDt)d/2 eXp( 4Dt) ( 7 )

As before, d denotes the dimensionality of the system. In fact, for what follows
we do not need ¢(r, t) itself, but just the time-dependence of its second moment

< 12(t) >= / dr e(r, t)r? (173)
where we have used the fact that we have imposed
/dr c(rt)=1. (174)

We can directly obtain an equation for the time-evolution of < r%(¢) > by multi-
plying Eqn. 170 by r? and integrating over all space. This yields

0 2 _ 22
E/dr rée(r,t) = D/dr r“V<e(r, t) (175)

The left hand side of this equation is simply equal to

o < r2(t) >
ot
Applying partial integration to the right-hand side, we obtain

(176)

o< ri(t) >

_ 272
5 = D/drer(r,t)

- D / dr V(r*Ve(r,1)) — D / dr (Vr2) - (Ve(r, 1))
- D / dS (r*Ve(r,t)) — 2D / dr (r) - (Ve(r, 1))

— 0- 2D/dr (V - re(r, 1)) + 2D/dr (V- 1)e(r, 1)
— 0+ 2dD/dr c(r, 1)

— 2dD (177)

78



Eqn. 177 relates the diffusion coefficient D to the width of the concentration
profile. This relation was first derived by Einstein. It should be realized that,
whereas D is a macroscopic transport coefficient, < r?(¢) > has a microscopic
interpretation: it is the mean-square distance over which the labeled molecules
have moved in a time-interval ¢. This immediately suggests how to ‘measure’ D
in a computer simulation: for every particle 7, we measure the distance traveled
in time ¢, Ar;(t) and we plot the mean square of these distances as a function of

the time ¢:
1N

< (Ar(0)* >= 5 > (A1) (178)

=1
The displacement Ar(t) that we are interested in is simply the time-integral of
the velocity of the tagged particle:

Ar(t) = /Otv(t') dt' . (179)

Eqn. 179 allows us to express the diffusion coefficient directly in terms of the
particle velocities. We start with the relation

2
2D = fim 2571 >

fim O (150

where, for convenience, we consider only one Cartesian component of the mean-
square displacement. If we write z(¢) as the time-integral of the z-component of
the tagged-particle velocity, we get

t
<2*(t)> = < /alt’vSc ()
= //dtdt"<vx(t)vx(t")>
t/
- 2// dt'dt” < vy (t')va(t") > (181)

The quantity < v, (t")v,(t") > is called the velocity auto-correlation function. It
measures the correlation between the velocity of a particle at times ¢ and ¢".
The velocity auto-correlation function (VACF) is an equilibrium property of the
system, because it describes correlations between velocities at different times along
an equilibrium trajectory. As equilibrium properties are invariant under a change
of the time-origin, the VACF depends only on the difference of t' and t”. Hence,

< v ()0, (t") >=< v, (t' — t")v,(0) > (182)

Inserting Eqn. 181 in Eqn. 180, we obtain

2D = lim 2 dt" < vt — "), (0) >

t—o00 0

D = /0 dr < vg(T)v(0) > . (183)
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In the last line of Eqn. 183 we introduced the coordinate 7 = t — t”. Hence, we
see that we can relate the diffusion coefficient D to the integral of the velocity
auto-correlation function. Such a relation between a transport coefficient and an
integral over a time-correlation function is called a ‘Green-Kubo’ relation. Green-
Kubo relations have been derived for many other transport coefficients, such as
the shear viscosity 7,

1
VkgT

y = /0 Tt < o™(0)0"(1) > (184)

with
al 1
o =3 (miv;”vﬁ/ t3 injfy(rij)> (185)
i=1 i#i

the thermal conductivity A:

A= dt < j2(0)js(t) > (186)

with
. d 1 )
1= g Zzi§ miv; + 3 0(ri;) (187)

and electrical conductivity o

1 o0
— dt el el t 1
o= i |t < ) > (188)
with
N
J9 =S gl (189)
=1

For details, see e.g. ref. [49]. Time correlation functions can easily be measured
in a Molecular Dynamics simulation. It should be emphasized that for classical
systems, the Green-Kubo relation for D and the Einstein relation are strictly
equivalent. There may be practical reasons to prefer one approach over the other,
but the distinction is never fundamental. In the next section, we shall discuss
time-correlation functions from a statistical-mechanical point of view.

19 Linear Response Theory

The Green-Kubo relations presented in the previous section are but an example of
the relation that exists between transport phenomena and time-correlation func-
tions. In fact, Onsager was the first to suggest that a disturbance created in a
system by a weak external perturbation decays in the same way as a spontaneous
fluctuation in equilibrium. The statistical mechanical theory that provides this
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link between correlation functions and response to weak perturbations is called
linear response theory. I shall give a very simple introduction to linear response
theory, mainly to illustrate the “mechanical” basis of Onsager’s regression hypoth-
esis. For a more detailed discussion, the reader is referred to any modern textbook
on statistical mechanics e.g., ref. [8]. A simple introduction (very similar to the
one presented here) is given in the book by Chandler [90], while an extensive dis-
cussion of linear-response theory in the context of the theory of liquids is given
in [49].

19.1 Static response

First, we consider the static response of a system to a weak applied field. The
field could, for instance be an electric field, and the response might be the electric
polarization. Suppose that we are interested in the response of a property that
can be expressed as the ensemble average of a dynamical variable A. In the
presence of an external perturbation, the average of A changes from its equilibrium
value < A >y to < A > + < AA >. Next, we must specify the perturbation.
We assume that the perturbation can also be written as an explicit function of
the coordinates (and, possibly, momenta) of the particles in the system. The
effect of the perturbation is to change the Hamiltonian H, of the system, to H
- AB(p",q"). For instance, in the case of an electric field along the x-direction,
the change in H would be AH = —E,M_,(q"), where M, is the z-component of
the total dipole moment of the system. The electric field E, corresponds to the
parameter A. We can immediately write down the general expression for < AA >

Jd, exp[-B(Hy — AB)]A

<A>)+<AA>=
° /d, exp[—B(Hy — \B)]

where we have used the symbol , to denote {p", q" }, the phase-space coordinates
of the system. Let us now compute the part of < AA > that varies linearly with

A. To this end, we compute
(6 < AA >>
oA \—0
Straightforward differentiation shows that

0 < AA >
o\

) =f[{< AB >y — < A >¢< B >4} (190)
A=0

To take again the example of the electric polarization, let us compute the change
in dipole moment of a system due to an applied field F,:

OM,
OE,

<Mm>:EI< > = BE{< M? > — < M, >*}
E,=0
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Suppose that we wish to compute the electric susceptibility of an ideal gas of
non-polarizable dipolar molecules with dipole moment . In that case,

N
{<M2>—< M, > = > <plpl >
1,j=1
= N <(4p)">
_ Ny
3
and hence,
M 2
P, === il -
V 3kgT

Of course, this example is special because it can be evaluated exactly. But, in
general, we can only compute the expression (equation (190)) for the susceptibil-
ity, numerically. It should also be noted that the computation of the dielectric
susceptibility is quite a bit more subtle than suggested in the above example (see
e.g. the discussion in the book of Allen and Tildesley [12] and the article by
McDonald in [91]).

19.2 Dynamic response

Thus far, we only considered the static response to a constant perturbation. Let us
now consider a very simple time-dependent perturbation. We begin by preparing
the system in the presence of a weak, constant perturbation (AB). The static
response of A to this perturbation, is given by equation (190). At time ¢=0, we
discontinuously switch off the external perturbation. The response AA will now
decay to zero. We can write down an expression for the average of AA at time ¢ :

_Jd, exp[-B(H, — AB)]A(t)
< A > = T A — AB))

where A(t) is value of A at time ¢ if the system started at point , in phase space,
and then evolved according to the natural time evolution of the em unperturbed
system. For convenience, we have assumed that the average of A in the unper-
turbed system vanishes. In the limit A — 0, we can write

)\fd, exp[—(BHy|BA(t)

[d, exp[—FH,
= [BA< B(0)A(t) > (191)

<AAt)y> = f

To give a specific example, consider once again a gas of dipolar molecules in the
presence of a weak electric field E,. The perturbation is equal to —E, M,. At
time t=0, we switch off the electric field. When the field was still on, the system
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had a net dipole moment. When the field is switched off, this dipole moment
decays:
< Mx(t) >=FE,f0 < Mx(O)Mx(t) >

In words, the decay of the macroscopic dipole moment of the system is determined
by the dipole correlation function, which describes the decay of spontaneous fluc-
tuations of the dipole moment in equilibrium. This relation between the decay of
the response to an external perturbation and the decay of fluctuations in equilib-
rium is an example of Onsager’s regression hypothesis.

It might seem that the above example of a constant perturbation that is sud-
denly switched off, is of little practical use, because we are interested in the effect
of an arbitrary time-dependent perturbation. Fortunately, in the linear regime
that we are considering, the relation given by equation (191) is enough to derive
the general response.

To see this, let us consider a time-dependent external field f(¢) that couples
to a mechanical property B, i.e.,

H(t)= Hy— f(1)B.

To linear order in f(¢), the most general form of the response of a mechanical
property A to this perturbation is

< AA(t) >= /_ °:o Aty an(t, ) £ () (192)

where xap, the ‘after-effect’ function, describes the linear response. We know
several things about the response of the system that allow us to simplify equa-
tion (192). First of all, the response must be causal, i.e., there can be no response
before the perturbation is applied. As a consequence,

xap(t,t') =0 for t <t

Secondly, the response at time ¢ to a perturbation at time ¢' depends only on the
time difference t — t'. Hence,

< AA(t) >= /t Aty ap(t — ) (1) (193)

Note that, once we know y, we can compute the linear response of the system
to an arbitrary time-dependent perturbating field f(#'). To find an expression
for xap, let us consider the situation described above equation (191), namely an
external perturbation that has a constant value A until £ = 0 and zero from then
on. From equation (193) it follows that the response to such a perturbation is

< AA(t) > = )\/0 dt'yap(t — 1)
Y /t 7 dr xan(r) (194)
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If we compare this expression with the result of equation (191), we see immediately
that ~
|7 a7 xan(r) = BX < BO)A@) >
t

or

xag(t) = —p < B(0)A(t) > for ¢t > 0.
= 0fort<0. (195)

To give a specific example, consider the mobility of a molecule in an external field
F,. The Hamiltonian in the presence of this field is

H=H,—- F,x.

The phenomenological expression for the steady-state velocity of a molecule in an

external field is
< vg(t) >= pFy (196)

If we derive this relation in terms of correlation functions, we shall find a mi-
croscopic expression for the mobility p. From equation (193) through 195, we
have

t
<%@>::a/ dt' Yoo (t — 1')
= I, /oo d7xp,2(T)
0
= —fF, /Oo dr < x(0)0, (1) >
0

= +pF, /000 dr < v, (0)v,(7) > (197)

In the last line of equation (197), we have made use of the stationarity property
of time-correlation functions

d
— < A@)B({t+1t)>=0
dt
Carrying out the differentiation, we find
<AW)B(t+1) >=— < A)B(t+1) > .

Combining equation (196) and equation (197), we find

u:ﬁéwﬁ<%mwﬂﬂ> (198)

If we compare the above result with the Green-Kubo relation for the self-diffusion
coefficient (equation (183)) we recover the Einstein relation, u = 3D.
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19.3 Dissipation

Many experimental techniques probe the dynamics of a many-body system by
measuring the absorption of some externally applied field (e.g., visible light,
infrared radiation, microwave radiation). Linear-response theory allows us to es-
tablish a simple relation between the absorption spectrum and the Fourier trans-
form of a time-correlation function. To see this, let us again consider an external
field that is coupled to a dynamical variable A(p",q"). The time-dependent
Hamiltonian of the system is:

H(t)=Ho — f(t)A(P",q") .

Note that the only quantity that is explicitly time-dependent is f(t). As the
Hamiltonian depends on time, the total energy E of the system also changes with

time.
BE(t) =< H(t) >

Let us compute the average rate of change of the energy of the system. This is
the amount of energy that is absorbed (or emitted) by the system, per unit time.

aa—f - <%> (199)

PN AN
= (25 +Pigp, 5

2

But, from Hamilton’s equations of motion we have

,__6H

q; = o
and

. oH

Pi = a;

As a consequence, equation (199) simplifies to

OE OH
w = {5
= —(fnAE".dY)
= —f(t) < A(t) > (200)

One should note, however, that < A(t) > itself is the response to the applied field
f

< A(t) >= /Z ' xanlt — ) f (1)
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Let us now consider the situation where f(t) is a periodic field with frequency w
(e.g., monochromatic light). In that case, we can write f(¢) as

f(t) =Ref, e

and .
; 1w iw *  —iw
f(t) = E(f“’e f— fle )
The average rate of energy dissipation is:

O :
- = T <A@ > (201)

= —f@® /_o:o dt' xaat =t f(t)

For a periodic field, we have

o dt' / noo_ fweim R N iw(t' —t)
i Xaat =) f(t) = =o— [ dt' xaa(t—t)e
*a—iwt oo o
n fwe2 / At aa(t — #)e= =D

= 7T(fweMXAA(w)+f$efithAA(—w)) (202)

where
1 o —iwt
XAA(W) = —27_‘_/0 thAA(t)e .

To compute E, the rate of change of the energy, we must average

<6_H>
ot

over one period T' (= 27/w), of the field:

. o -7 T . iwt * —iwt
E = 5T /) dt {1w(fwe e
X [fwethXAA(w) + f:,eﬂmXAA(—W)} }

——T |2XAA(W) — Xaa(—w)
¢ 2i

= —aw|f, " Tmyaa(w) (203)

We use the relation between y 44(t) and the auto-correlation function of A (Eqn. 195)

Yan(w) = % /0 T dt e (B < A(0)A(t) >)
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The imaginary part of y44(w) is given by
Imyaa(w) = QE /00 dt sin(wt) < A(0)A(t) >
7 Jo
- ;—5 / 7 dt weos(wt) < A(0)A(t) > (204)
T J—o0
Finally, we obtain
. 250;2 e °]
B o= |l / dt cos(wt) < A(0)A(t) > (205)

Hence, from knowledge of the autocorrelation function of the quantity that couples
with the applied field, we can compute the shape of the absorption spectrum. The
above relation was derived assuming classical dynamics and is therefore only valid
if hw < kgT. However, it is also possible to derive a quantum-mechanical version
of linear-response theory that is valid for arbitrary frequencies (see e.g., ref. [8]).

To give a specific example, let us compute the shape of the absorption spectrum
of a dilute gas of polar molecules. In that case, the relevant correlation function
is the dipole auto-correlation function

< M,(0)M,(t) >= % < u(0)- p(t) > .

For molecules that rotate almost freely (almost, because otherwise there would be
no dissipation), x(0) - (t) depends on time because each molecule rotates. For a
molecule with a rotation frequence w, we have

p(0) - p(t) = pi” cos(wt)

and for an assembly of molecules with a thermal distribution of rotational veloci-
ties P(w), we have

< w(0) - u(t) >= p? /de(w) cos(wt)

The rate of absorption of radiation is then given by

. 2N 2

B = T2 b)) (206)

For more details about the relation between spectroscopic properties and time-
correlation functions, the reader is referred to the article by Madden in ref. [91].
In the above derivation of linear response theory, we have assumed that the
system we prepare the system in an equilibrium state with the perturbation on and
then allow the system to relax to a new equilibrium state with the perturbation off.
However, this will not always work. Consider, for instance, electrical conductivity.
In that case, the perturbation is an electrical field that will cause a current to flow
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in the system. Hence, the state in which we prepared the system with the field
on is not an equilibrium state, but a steady non-equilibrium state. The same
holds, for instance, for a system under steady shear. It would seem that, under
such circumstances, one cannot use the framework of linear response theory in its
simplest form to derive transport coefficients such as the electrical conductivity o
or the viscosity 7.

19.3.1 Electrical conductivity

Fortunately, things are not quite as bad as that. Consider, for example, electrical
conductivity. Indeed, if we put a conducting system in an external field, we will
generate a non-equilibrium steady state. However, what we can do is to perturb
the system by switching on a weak, uniform vector potential A. The Hamiltonian
of the system with the vector potential switched on is

Noq

ey

=1

€;
2m. (pl — zA)2 —|— Upot; . (207)

The system described by this Hamiltonian satisfies the same equations of motion
as the unperturbed system (A is a gauge field) and the system will be in an
equilibrium state at ¢ = 0. We then abruptly switch off the vector potential.
From electrodynamics, we know that a time dependent vector potential generates
an electric field: .

E=_—A. (208)
C

In the present case, the electral field will be an infinitesimal -spike at ¢ = 0
1
E(t) = —Ad(t) . (209)
c

We can compute the current that results, in the standard way. We note that we
can write H' in Eqn. 207 as

N
H = Hy—S 9 p,- A+ 042
0 ;cmip + O(47)
N e;
— HO_? dr;apﬁ(rz—r)
A
- Ho—z/drj(r) (210)

where j(r) denotes the current density at point r. The average current density at
time ¢ due to the perturbation is given by

A
- VkgT

<jlt) > /drdr’ < j(r, 0§, 1) > . (211)
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The phenomenological expression for the current response to an applied é-function
electric field spike is (see Eqn. 193)

t
<jit)y> = / dt'o(t —t')E(t")
A
= o(t)= (212)
c
From this it immediately follows that

|
o0 = T

/ drdr’ < j(r,0)j(r',t) > . (213)

The DC conductivity is then given by

1

ow=0)= 75T

7t [ drar' < i, 003 0) > (214)

19.3.2 Viscosity

The corresponding linear response expression for the viscosity seems more subtle
because shear is a usually not interpreted in terms of an external field acting on
all molecules. Still, we can use, by analogy to the electrical conductivity cases,
a canonical transformation, the time-derivative of which corresponds to uniform
shear. To achieve this, we consider a system of N particles with coordinates r
and Hamiltonian N
Ho=> p;/2m;) +U("). (215)
i=1
Now consider another system, described by a set of coordinates r'" that is related
to r" by a linear transformation:

I‘IZ' =h- r;. (216)

The Hamiltonian for the new system can be written as

N
1
H, = Z 2 p,-G-pi+ U(I'IN) ; (217)

i=1 i

where G, the metric tensor is defined as

G=h"-h (218)
We assume that h differs infinitesimally from the unit matrix I:

h=I+¢ (219)

In the case that we are interested in the effect of uniform shear, we could for
instance choose €,, = €, while all other elements of ¢,3 are zero. Now consider the
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case that we equilibrate the system with Hamiltonian H; and, at time ¢t = 0, we
switch off the infinitesimal deformation e. This means that, at ¢ = 0, the system
experiences a d-function spike in the shear rate

0V,
dy

= —ed(t) (220)

We can compute the time-dependent response of the shear stress, o,,(%), to the
sudden change from H; to Hy.

< ogy(t) >=

_GVkBT < 04y (0)ogy(t) > (221)
By combining Eqns. 220 and 221 with Eqn. 193, we immediately see that the
steady-state stress that results from an steady shear is given by

_ Ovg 1

T = 9y " Vsl

/0 Tt < 0y (0)0sy (1) > (222)

and the resulting expression for the shear viscosity 7 is

1
VkgT

y = /0 T dt < 0y (0)0sy (1) > . (223)

19.4 Rare Events

We conclude this section with a discussion of a special class of transport phenom-
ena, namely activated processes. Activated processes require special attention
because a naive application of linear-response theory will yield results that are
essentially useless. As an example, we consider uni-molecular reaction A = B, in
which species A is transformed into species B. We limit our discussion to those
cases where the rate-limiting step of the reaction can be described as a classical
barrier-crossing problem. Of course, there are many chemical reactions that do
not fit this description. On the other hand, there are many other activated pro-
cesses (e.g. classical diffusion through a membrane) that do. Our discussion of
activated processes is based on Chandler’s approach [90].

Let us first look at the phenomenological description of uni-molecular reac-
tions. We denote the number density of species A and B by ¢4 and cp, respec-
tively. The phenomenological rate equations are

dcst(t) = —kBACA(t) + kABCB(t)
(224)
dCB(t) .
dt — +I€BACA(t) - k‘ABCB(t)

90



Clearly, as the number of molecules is constant in this conversion reaction, the
total number density is conserved.

d(ca(t) + cp(t))
dt

=0 (225)

In equilibrium, all concentrations are time-independent, i.e., ¢4 = ¢g = 0. This
implies that

<cqp > kpa
< cp > N kap
where K is the equilibrium constant of the reaction. Let us now consider what
happens if we take a system at equilibrium, and apply a small perturbation Acy,
to the concentration of species A (and thereby of species B). We can rewrite the
rate equation that determine the decay of this perturbation as follows

dACA (t)
dt

K= (226)

= —kBAACA(t) - kABACA(t) (227)

where we have used Eqns. 225 and 226. The solution to this equation is
Aca(t) = Acy(0)e~kBathkan)t = A¢, (0)et/ (228)

where we have defined the reaction time constant

<CA>)_ Cp

229
< cp > kga ( )

TR = (k'AB + k‘BA)_I = k‘;h(l +
where we have assumed that the total concentration c4 + cg = 1. With this
normalization, ¢, is simply the probability that a given molecule is in ‘state’ A.

Thus far, we have discussed the reaction from a macroscopic, phenomenological
point of view. Let us now look at the microscopics. We will do this in the
framework of linear response theory. First of all, we must have a microscopic
description of the reaction. This means that we need a recipe that allows us to
measure how far the reaction has progressed. In the case of diffusion from one
free energy minimum to another, over a barrier, we might use the fraction of
the distance traveled as a ‘reaction coordinate’. In general, reaction coordinates
may be complicated, non-linear functions of the coordinates of all particles. It is
convenient to think of the reaction coordinate ¢ simply as a generalized coordinate.

By analogy to the discussion in section 19, we will consider an external per-
turbation that changes the relative probabilities of finding species A and B. To
achieve this,we add to the Hamiltonian a term that [owers the potential energy
for ¢ < ¢*, where ¢* denotes the value of the reaction coordinate at the top of the
barrier.

H=Hy,—¢d(q" —q) (230)

where 6(z) is the Heavyside step-function, #(z) = 1 for x > 0 and 6(z) = 0
otherwise. € is a parameter that measures the strength of the perturbation. As
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we are interested in the linear response, we shall consider the limit € — 0. Let us
first consider the effect of a static perturbation of this type on the probability to
find a given molecule in state A. We note that

Acyg =< cg > — < cyg >9=<04 > — <04 > (231)

From Eqn. 190 of section 19.1, we find immediately that

aACA

e = B(< 03 >0 — <04 >2) (232)

This equation can be simplified by noting that 6(x) = 6(z), hence

aACA
Oe

=3{< 04> (1— <bs>0)} =0 <ca><cp> (233)

Now, we consider what happens if we suddenly switch off the perturbation at time
t = 0. The concentration of A will relax to its equilibrium value as described in
Eqn. 191 and we find that, to first order in ¢

[d, eBH(9(0)— < 0 )(0(t)— < 0 >)
deat) = fe T, Pt

= fe < AO(0)AO(t) > (234)

Finally, we can use Eqn. 233 to eliminate ¢ from the above equation, and we
find the following expression for the relaxation of an initial perturbation in the
concentration of species A

< AR(0)AO(t) >
<cq><cp>

Aca(t) = Aca(0) (235)

If we compare this with the phenomenological expression, Eqn. 228, we see that

< AO(0)Al(t) >
<cyp><cp>

eit/TR —

(236)

Actually, we should be cautious with this identification. For very short times
(i.e., typical time-scales for molecular motion), we should not expect the auto-
correlation function of the concentration fluctuations to decay exponentially. Only
at times that are long compared to typical molecular processes, should we expect
Eqn. 236 to hold. Let us assume that we are in this regime. Then we can obtain
a expression for 7x by differentiating Eqn. 236:

<0(0)0(t) > < 0(0)8(t) >
<eqg><cg> @ <cq><cg>

=1 _—t/tR _
TR e =

(237)
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where we have dropped the A’s, because the time-derivative of the equilibrium
concentration vanishes. Hence, for times that are long compared to molecular
times, but still very much shorter than 7z, we can write

L _<6(00() >

= 238
B <ea><ep> (238)
or, if we recall Eqn. 229 for the relation between kg, and 75, we find
< 0(0)0(t) >
kpa(r) = <2000 > (239)

< cyp >

In this equation, we have indicated the time-dependence of kpa(t) is indicated
explicitly. However, we recall that it is only the long-time plateau value of k4p(t)
that enters into the phenomenological rate equation. Finally, we can express the
correlation function in Eqn. 239 by noting that

(¢ —q) = Q%Q_Q) = —0(q" — q) (240)
Hence
bpa(t) = 40U = Q£0i19(>f1(t) —q) >
_ <g8(g" —q(0)8(q(t) —¢*) >
- <0(¢* —q) > (241)

< 0(q* — q) > denotes the probability to find the system somewhere in valley A
(the ‘reactant’ side, to use the language of chemical reactions). We can rephrase
equation (241) in a form that makes the separation in statics and dynamics more
obvious. We do this by multiplying and dividing and multiplying the right hand
side of equation (241) by < §(¢* — ¢) >. We then obtain

o= pim <4(0)6(¢" — q(0))6(g(t) —¢7) > < d(¢"—q) >
AT 500 < 4(q* —¢(0)) > <0(qg*—q) >

(242)

The second term on the right-hand side of equation (242), i.e., < d(¢* —q) >
/ < 0(q* — q) > denotes the probability density to find the system at the top of
the barrier, divided by the probability that the system is on the reactant side of
the barrier. This ratio, is completely determined by the height of the free-energy
barrier and can therefore be measured by umbrella sampling. For instance, van
Duijneveldt and Frenkel [7] have used umbrella sampling to estimate the free-
energy barrier for crystal nucleation.

The first term on the left hand side of equation (242) is a conditional average,
namely the average of the product ¢(0)0(q(t) — ¢*), given that ¢(0) = ¢*. We can
write this term as

lim < (0)0(¢(t) — 4°) >y0—s (243)
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This dynamic quantity can be computed by Molecular Dynamics. In practice,
constraint MD will be used to compute this average, in which the system is pre-
pared under the initial constraint ¢(0) = ¢* and then released. It should be noted
that the use of a constraint in the MD sampling does have a (slight) effect on
the average in equation (243) [92]. The final result is that we have expressed the
rate constant kg4 exclusively in microscopic quantities that can be measured in
a simulation [93, 90].
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